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Abstract— In this article, a new approach based on block-
oriented nonlinear models for modeling and identification of 
aircraft nonlinear dynamics has been proposed. Some of the 
block-oriented nonlinear models are considered as flexible 
structures which are suitable for the identification of widely 
applicable dynamic systems. These models are able to 
approximate a wide range of system dynamics. Flying vehicle are 
such nonlinear systems whose dynamics depend not only on pilot 
control inputs but also on flight conditions, i.e., Mach and 
altitude. In this study, three systems of Hammerstein, Wiener, 
and Hammerstein-Wiener for identification and modeling of 
aircraft nonlinear dynamics have been used and compared. The 
results of the study show that these models are able to identify 
and model aircraft nonlinear dynamics. In order to compare each 
model’s performance, the criteria of the percentage of best fit, 
final prediction error, and loss function for training data and 
validation have been considered. The results show that, 
Hammerstein-Wiener system has a better performance in 
extracting flexible black-box model based on experimental data 
from aircraft flight test data.        

Keywords— Aircraft nonlinear dynamics, System identification, 
Hammerstein- Wiener modle, flight test. 

I.  INTRODUCTION  

Modeling and simulation are widely used as essential tools 
to predict and analyze complex systems in various scientific 
and engineering fields. For an aerospace system such as 
aircraft, mathematical models are useful for dynamic analysis, 
flight simulation, guidance and navigation studies, controller 
design and validation, air combat investigations, pilot training, 
and many other tasks. In general, the aircraft flight dynamics is 
a nonlinear and coupled system whose dynamic modeling, in 
addition to pilot control inputs, depends on flight conditions, 
i.e., Mach and altitude. When there is a need for a wide variety 
of system domains, linear hypothesis loses its validity and 
nonlinear models for predicting system behavior become 
necessary. Modeling these systems with linear structures 
requires simpler hypotheses which reduce accuracy. While 
dealing with nonlinear and complicated systems, system 
identification is an appropriate and common solution in 
modeling. The purpose of system identification is to obtain the 
most suitable mathematical model or transfer function from the 
real system based on main system’s input-output data. 

Generally, structures of the identification algorithms are 
classified as linear and nonlinear. Over the past few decades, 
classic linear identification methods have developed to such an 
extent that now they are considered as standard tools in a 
variety of engineering fields to solve most problems related to 
linear identification. With respect to the fact that the linear 
models are only valid in a small domain around operational 
points and most of the systems are actually nonlinear, nonlinear 
mapping will be necessary for high fidelity modeling tasks. 

In system identification, choosing model structure is of 
utmost importance and sometimes it is convenient to use a 
flexible model structure capable of approximating a wide 
variety of systems behavior. One of the main research areas in 
nonlinear modeling is block-oriented nonlinear models [1-2]. 
Hammerstein (H) [3], Wiener (W) [4], and the combination of 
these two models called Hammerstein-Wiener (HW) are three 
general models of block-oriented nonlinear models. These are 
the simplest of dynamic block-oriented nonlinear systems 
which include internal connection from linear time independent 
linear system static nonlinear dynamics. So far, different 
methods have been suggested for the identification of these 
models’ parameters. However, very few, if any, studies have 
been conducted on nonlinear systems identification using 
block-oriented parametric models [4-7]. In this study, using the 
data obtained from flight tests and with the development of 
Hammerstein-Wiener model, the six-degree-of-freedom 
nonlinear dynamics is identified, in a way that the obtained 
model is able to approximate the aircraft dynamic behavior 
with acceptable accuracy without the main system. This 
identification method is only based on input and output data 
obtained from flight tests.  

In order to validate more, the reported results in this study 
have been compared with the obtained data from a 4th 
generation fighter aircraft and helicopter. The three systems 
have been used in the forms of single input single output 
(SISO), multi input single output (MISO), and multi input 
multi output (MIMO) for the identification of aircraft 
dynamics. 

The comparison of the obtained data from the training data 
and model validating data shows the superiority of HW model 
over Hammerstein model. 
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II. BLOCK-ORIENTED NONLINEAR MODEL STRUCTURE 

One of the most important steps in the identification of a 
nonlinear system is choosing a nonlinear model structure in 
order to show the system being tested. H and W models are 
the simplest dynamic block-oriented nonlinear systems which, 
due to their simplicity and having a physical concept, are used 
in a variety of domains. Different nonlinear systems along 
with different nonlinear elements require different structures 
of H and W. Serial combination of H and W models will 
create a new model called HW. These new structures have 
great capabilities in modeling. It is clear that HW model 
performs better with nonlinear functions. So far, a host of 
methods have been proposed for their identification. 

A. Hammerstein model  

Hammerstein (H) is the combination of a static nonlinear 
block and a linear dynamic block (Figure 1). In this structure, 
static nonlinear functions offer the possibility of wider 
domains of system dynamics compared to fully linear models. 
In this model, the input u(t) first enters nonlinear function f, 
then the output of this function, when entering the nonlinear 
block 2G   as internal signal w(t), is filtered. This system has 

come to be known as nonlinear-linear (N-L). There are several 
algorithms for the identification of H model [8-10]. More 
accurately, for each scalar quantity for an input string u(t) and 
the related output y(t), this model is shown as an operator 

( )  in u(t) as the following. 
( ) ( ) ( )y t u t                                                                          (1) 

Parameters and variables in this equation are defined as 
follows: 

[ , ]                                                                                   (2) 
1( ) ( , ) ( )j j jw t G q u t                                                             (3) 

1( ) ( , ) ( ) ( )y t G q w t e t                                                          (4) 
  

Transfer function 1( , )G q 
   is defined as follows: 
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( )ju t   ، ( )jw t  are the inputs and outputs respectively, 

( , )jB q  و ( , )jF q   are numerically polynomial in delay 

operator unit, 1q و     are parameters vector with the 

coefficients of the polynomial linear transfer function.                   
Function 1 *( , )f   is a nonlinear function without memory, 

which the only restriction placed on it is that its derivatives 
exist for all the elements.   

Static nonlinear transfer function ( ( ), )j jf w t   can be chosen as 

different functions such as stepwise linear function, single-
layer neural network, wavelet function, saturation function, 
dead zone function, and one-dimensional polynomial function. 
If a polynomial function from the order of jn  is used, model 

output will be as follows: 
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By using transfer function 1( , )G q   with the order n, the 
output of the system is defined as follows 
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B. Wiener model  

With studying Wiener (W) theory, it can be concluded that 
each system from the W class can be shown as a model in 
Figure. 2. this model consists of a linear and nonlinear 
dynamic blocks in a series manner. As shown in Figure 3, the 

input signal u(t) is first applied to the filter block 1G  and then 

the output block 1G  is defined with a static nonlinear function 

f. Dynamic linear filter output has been shown by w(t). This 
model is known as linear-nonlinear (L-N). In this structure, for 
each scalar quantity for an input string u(t) and the related 
output y(t), W model is shown as an operator ( )  in u(t) as 
the following. 

( ) ( ) ( )y t u t                                                                        (14) 
Parameters and variables in this equation are defined as: 

[ , ]                                                                                 (15) 
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Transfer function 1( , )G q   is defined as the following: 
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1,2,... yi n  and 1, 2,... uj n  

In this system, static nonlinear transfer function ( ( ), )j jf w t   

consists of different functions such as stepwise linear function, 
single-layer neural network, wavelet function, saturation 
function, dead zone function, and one-dimensional polynomial 
function. If a polynomial function from the order of jn  is used, 

model output will be as follows: 

1

1 2

ˆ( ) ( ) ( ) ( )
j jn n
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k k

y t w t w t w t  
 

                              (21) 

where jn is order polynomial. By using ( )jw t and transfer 

function 1( , )jG q   in the equation we will have: 
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A series combination of H and W models will create a new 
structure called H-W. 
 

C. Hammerstein- Wiener system  

Hammerstein-Wiener model (HW) is the combination of H 
and W models. This model is the result of connecting a series 
of input nonlinear static block ( 1f ) with a dynamic linear 

system 1( )G (Linear Static) which is followed by an output 

nonlinear static block ( 2f ) (Figure 3). Thus, this system is 

called a ‘Sandwich’ or an nonlinear-linear-nonlinear (N-L-N).  
u(t) and y(t) are input and output signals respectively; and, 

1( )w t and 2( )w t  are internal signals. The internal signals are not 

available for measurement. Signal 1( )w t  passes through a linear 

transfer function 1( )G and its dimensions are the same as those 

of y(t) output. The first nonlinear static block 1f  can be 

explained as: 

1 1( ) ( ( ), )w t f u t                                                                    (23) 

1( )w t and u(t) are the inputs and outputs of the first block 

respectively. Output linear dynamical system can be written 
as: 
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where 
ynj ,...2,1 and 

uni ,...2,1  

The second nonlinear static block 2 2( ( ), )f w t   can be explained 

as: 

2 2( ) ( ( ), )y t f w t                                                                    (29) 

Linear transfer function has the inputs 2( )w t  and outputs ( )y t . 

The inputs u(t) and outputs ( )y t of HW model are able to be 
measured, while the internal variables of 1( )w t and 2( )w t  

cannot be measured. If there are two continuous nonlinear 
functions in HW system, polynomial of orders 1m  and 2m  can 

be used for the first and second nonlinear blocks: 
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W and H systems are specific cases of this model. These 
systems are advantageous for the control which is based on 
different nonlinear process prediction models in industry [11]. 
For example, the first nonlinear block can function as actuator. 
This model with different structures can be used for 
identification system modeling.  

III. DATA GENERATION 

One important step in system identification is the extraction of 
suitable aircraft flight data. The obtained data should include 
comprehensive information on the aircraft dynamics; 
therefore, it is necessary to define and apply suitable inputs to 
the aircraft. These inputs are applied by three levels of control 
including elevator, rudder, and aileron. The recorded flight 
data used for the identification include longitudinal 

acceleration ( xn ), latitudinal acceleration ( yn ), vertical 

acceleration ( zn ), position angles of pitch ( ), Roll ( ), 

angle of yaw ( ), angle of attack (AOA), and velocity (v). 

The type of input signal for the aircraft is important in order to 
collect identification data in the process of learning and 
validation of the identified model. In this study, multi-step and 
sinusoidal inputs have separately been used for each 
controller. The experimental data from the helicopter are 
obtained from XV-15 helicopter flight tests. Frequency sweep 
input has been used for the outputs in the flight tests. 

IV. SIMULATION RESULTS  

The three structures of H, W, and HW with different linear 
and nonlinear functions have been used for the identification 
of aircraft dynamics. Input and output data derived from flight 
recorder device for system identification are divided into two 
categories of training and test or validation. Figure 5 shows 
the training and validation data for the AOA variable with 
elevator control input. Given that in these structures, nonlinear 
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functions and linear transfer functions can be used with a 
variety of orders; different structures for the identification of 
aircraft dynamics have come into existence. Having applied 
different nonlinear functions in the input and output blocks of 
the three systems, it was found that sigmoid nonlinear function 
has the best approximation and the fewest errors in 
identification and modeling of different aircraft data. Thus, 
sigmoid function was used for the three systems. Choosing the 
order of the linear transfer function in different blocks plays 
an important role in reducing the output error of the identified 
model. Tables 1 to 4 show the percentage of best fit, final 
prediction error (FPE), and loss function (LF) for the training 
data and test. The best fit for the data is calculated through the 
following: 

2

1

2

1
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1 .100
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N

i i

i

N

i

i

y y
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y y





 
 

 
 

  
 
 
  
 



 

                                                 (33) 

 
where iy is the measured output, ŷ is the approximated or 

simulated output, y
 is the average of approximated output 

based on the best fit, and N is the number of sampling data. 
The more this value is for training data and validation, the 
better the performance of the obtained model. FPE criterion is 
also used for the evaluation of the identified model. Based on 
Akaike theory [4], the model with lower FPE is more accurate. 
FPE is calculated as: 

2
. 1

d
FPE lf

N

 
  

 
                                                                    (34) 

where lf  is the loss function, d is the number of parameters to 
be approximated, and N is the number of sampling data. Loss 
function is calculated as: 

1

1
det ( , )( ( , ))

N
T

N Nlf t t
N

   
 
    
 
                                              (35) 

where N  is the approximated parameter and  is the model 

output error. The criterion for the selection of transfer function 
order for each block is based on the highest fit, the lowest final 
prediction error, and the function loss for the test data and 
training. By comparing these criteria for each one of the 
aircraft variables, it is clear that by increasing the order of 
linear transfer function, the output performance of the 
identified model improves; but, for validation data, by 
increasing the order of linear function it is possible that the 
output error model will increase as well. There is no suitable 
criterion for the selection of linear function order in each of 
the models. The results of the best state for different aircraft 
parameters using HW model are: 
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Forward acceleration: 
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Lateral acceleration:   
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In order to compare the performance of the three models, 
state variable of  from a helicopter has been used. The results 
of the three models have been shown in Table 5 with the best 
identified model for each of the systems. By comparing this 
table, it has become evident that the performance of HW is 
better than the other two models. The output results of the 
three models have been shown in Figure 4 with the real data 
for the variable . For HW, models of second order for block 
filter

1G  have fewer errors for training data and test. But for 

HW model of fourth and fifth orders, output error model 
decreases to some extent. The results of simulation of this 
variable for the three models have been shown as: 
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Figure 6 shows the results of training for the aircraft’s forward 
acceleration vector with three aircraft’s control inputs. Figure 
7 shows the results of validation with new inputs for the 
aircraft’s forward acceleration vector. The results shown in 
these two figures represent that the identified model has 
approximated the aircraft’s outputs well and is able to model 
the aircraft’s dynamic behavior without the main system. In 
this figure, each aircraft state has been compared with the 
identified model’s outputs. The results reported in these 
figures show that HW model is suitable for the identification 
of aircraft’s nonlinear dynamics. Figure 8 shows the results of 
HW identification in the form of MISO. The results of training 
and validation show that this model has fewer errors compared 
to the previous model. Figure 9 shows the training results of 
HW model with multistep inputs. The results of training and 
validation with this input indicate that the identified model 
with this input has more errors compared to the situation in 
which the model has been identified with sinusoidal input. In 
the same way, the number of required data for the model’s 
training is higher than that of the previous one. 
 

V.  CONCLUSION  

     
In this article, by introducing a new approach to identification, 
block-oriented nonlinear models have been used for modeling 
and identification of aircraft nonlinear dynamics. In this study, 
three systems of Hammerstein, Wiener, and the combination 
of both called Hammerstein-Wiener, all of which are nonlinear 
by nature, have been used and compared for modeling and 
identification of aircraft’s nonlinear dynamics. The procedure 
applied in this study is to build a relation between linear 
modeling techniques and the nonlinear approach introduced in 
this study for accurate modeling and identification of 
helicopter’s and aircraft’s complicated dynamics. 
The obtained model is able to model highly maneuverable 
aircraft’s six-degree-of-freedom dynamics. This structure has 
been used in three modes of SISO, MIMO, and MISO; of 
which, MISO has fewer errors in training and validation 
compared to the previous model. New structures having made 
up of the combination of H and W, compared to other 
methods, have higher capability and better performance in 
modeling aircraft dynamic behavior. 
 
 
 
  

TABLE I.  COMPARISON OF HAMMERSTEIN-WIENER MODEL STRUCTURE AND 
PERFORMANCE WITH DIFFERENT ORDERS FOR AOA 

Loss 
Function 

FPE FIT on 
Validation 

Data 

FIT on 
Train 
Data 

AOA 

 0.2710 70.57 76.95nb=2 
nf=1

0.15910.2112 72.71 77.94nb=2 
nf=2

0.13500.2474 73.59 78.43nb=2 
nf=3

0.13610.2145 71.20 79.26nb=2 
nf=4

0.13570.2145 73.22 79.91nb=2 
nf=5

0.13120.2085 71.73 7958nb=2 
nf=6

TABLE II.  COMPARISON OF HAMMERSTEIN-WIENER MODEL STRUCTURE 
AND PERFORMANCE WITH DIFFERENT ORDERS FOR AIRCRAFT VERTIVAL 

ACCELERATION 
Loss 

Function 
FPE FIT on 

Validation 
Data 

FIT on 
Train 
Data 

yn  

0.01430.0222 69.16 78.39nb=2 
nf=1

0.01350.0210 71.33 79.08nb=2 
nf=2

0.01120.0175 61.75 80.93nb=2 
nf=3

0.01010.0159 70.86 81.93nb=2 
nf=4

0.00970.0153 70.97 82.33nb=2 
nf=5

0.00920.0147 71.99 82.69nb=2 
nf=6

TABLE III.  COMPARISON OF HAMMERSTEIN-WIENER MODEL STRUCTURE 
AND PERFORMANCE WITH DIFFERENT ORDERS FOR AIRCRAFT FORWARD 

ACCELERATION 

Loss 
Function 

FPE FIT on 
Validation  

Data 

FIT on 
Train 
Data 

xn  

0.01800.0279 62.37 77.58nb=2 
nf=1

0.01550.0241 62.06 79.03nb=2 
nf=2

0.01510.0236 64.79 79.37nb=2 
nf=3

0.01590.0249 57.92 78.68nb=2 
nf=4

0.01420.0225 60.98 80.32nb=2 
nf=5

0.01430.0227 60.54 80.31nb=2 
nf=6

TABLE IV.  COMPARISON OF HAMMERSTEIN-WIENER MODEL STRUCTURE 
AND PERFORMANCE WITH DIFFERENT ORDERS FOR AIRCRAFT LATERAL 

ACCELERATION 
Loss 

Function 
FPEFIT on 

Validation  
Data 

FIT on 
Train 
Data 

zn  

0 .022860 .022878.24 83.74 nb=3 
nf=1

0 .000210 .000267.02 84.99nb=3 
nf=2

0 .000320 .000316.34 82.28nb=3 
nf=3
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0.000010.00001 79.8190.32 nb=3 
nf=4 

0 .000280 .00028 68.4891.16 nb=3 
nf=5 

0.000010.000001 76.3886.35 nb=3 
nf=6 

TABLE V.  COMPARISON OF DIFFERENT  MODEL STRUCTURE AND 
PERFORMANCE WITH DIFFERENT ORDERS FOR HELICOPTER  ROLL ANGLE  RATE 

Loss 
Function 

FPE FIT on 
Validation  

Data 

FIT on 
Train 
Data 

  

3.863083.86559 87.62 84.11 W 
2.453132.45472 86.78 89.34 H 
0.88794 0.88852 88.57 90.33 HW 

  
Fig.1. Hammerstein model ّ 

 

  
Fig.2. Wiener model 

 

Fig.3. Hammerstein- Wiener model ّ 
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Fig. 4. Comparing tree models of Hammerstein, Wiener, and Hammerstein- 
Wiener output with helicopter roll angle data   
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Fig. 5. Test data for training and validation 
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Fig. 6. Training results for HW model with sinusoidal input in MIMO  
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Fig. 7. Validation results for HW model with new input in MIMO  
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Fig. 8. Training results for HW model with sinusoidal input in MISO  
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Fig.9. Training results for HW model with multistep input in MIMO  
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Abstract

 

In this paper, a new approach has been 
proposed to identify and model the dynamics of a highly 
maneuverable aircraft through fuzzy logic algorithm. In 
general, aircraft flight dynamics is considered as a 
nonlinear and coupled system whose modeling through 
fuzzy logic algorithm can be done using a few experimental 
flight tests data. In this study, for identification and 
modeling of the aircraft dynamics, the Takagi-Sugeno 
fuzzy system has been used. For this purpose, three 
different methods including recursive least squares (RLS), 
batch least squares (BLS), and Levenberg-Marquardt 
(LM) algorithms were applied to simultaneously train and 
optimize the parameters of the fuzzy logic algorithm.  The 
results of this study show that the proposed algorithm, 
trained with experimental flight test data, is able to model 
the dynamical behavior of a highly maneuverable aircraft 
with acceptable accuracy. Therefore, a mathematical 
model of aircraft nonlinear dynamics without using 
aerodynamic and engine data, and without solving 
complex equations of aircraft motion can be precisely 
obtained. On this account, this approach can be an 
effective substitute for the conventional methods in 
aircraft modeling and identification.    

Keywords

 

fuzzy logic algorithm; flight dynamics; 
modeling and identification; experimental flight data;  

I. INTODUCTION  

Modeling and simulation are widely applied as essential 
tools to predict and analyze complex systems in almost all 
areas of science and technology. Over the last decades 
modeling and simulation of vehicle dynamics, particularly for 
aircraft and helicopters, has become an inseparable part of the 
various levels of vehicle design, simulation, development, 
verification of performance predictions, production, and 
optimization process. Aircraft modeling can be done in two 
different methods. The first approach is the physics-based 
dynamical model which uses Newton laws in order to describe 
the aircraft dynamical behavior [1, 2]. The second approach is 
based on the experimental identification of aircraft dynamics 
using wind tunnel and flight test data. The theoretical 

modeling of aircraft requires some types of data including the 
aerodynamic, inertial, and structural properties of various 
elements of the airframe. These data are not always accurate 
enough and their computations are often costly and, even in 
some cases, unavailable. These models are also linearized or 
only valid in a limited domain around a specific point. 
Furthermore, when the degree of nonlinearity increases, the 
modeling process becomes even more difficult.  

System identification refers to an experimental approach 
which is able to determine complicated system models such as 
aircraft more quickly and accurately by fitting experimental 
data into a suitable model structure [3]. So far, various 
methods for system identification have been applied, some of 
which are introduced in the references [3-6]. The frequency 
domain analysis [7, 8], the state space identification [9, 10], 
the artificial neural networks (ANNs) [11-13], and fuzzy 
identification [14-15], are amongst the most renowned 
methods for this purpose. 

Generally,  structures of the identification algorithms are 
classified as linear and nonlinear. Over the past few decades, 
classic linear identification methods have developed to such 
an extent that now they are considered as standard tools in a 
variety of engineering fields to solve  most problems related to 
linear identification. With respect to the fact that the linear 
models are only valid in a small domain around operational 
points and most of the systems are actually nonlinear, 
nonlinear mapping will be necessary for high fidelity 
modeling tasks. 

Due to the fact that fuzzy logic algorithms are nonlinear 
structures and able to identify and model nonlinear dynamic 
systems, they have been given considerable attention by 
researchers [17]-[21]. Fuzzy logic algorithms have 
successfully been applied in various domains of aeronautics. 
In this regard, modeling of helicopter dynamics [16, 17], fuzzy 
logic-based aerodynamic modeling with continuous 
differentiability [18], identification and validation the aircraft 
aeroservoelastic model [19], and controllers design [20-22] 
can be addressed. In majority of these applications, online 
identification is usually performed. Therefore, it can be said 
that generalization loses its significance. Due to general 
approximation and generalization capabilities, fuzzy logic 
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algorithms are potentially applicable to offline nonlinear 
modeling of aircraft dynamics.  

In the present study, a new fuzzy logic algorithm approach 
has been proposed to model the coupled nonlinear six-degree-
of-freedom dynamics of a highly maneuverable aircraft based 
on flight tests data. For this purpose, Takagi-Sugeno fuzzy 
system has been extended and applied. RLS, BLS, and LM 
algorithms have been used to identify and explain how they 
can be used to train and tune Takagi-Sugeno fuzzy algorithm 
parameters. In order to examine fuzzy logic algorithms ability 
in modeling and identification of the aircraft nonlinear 
dynamics at a specific Mach and altitude, two series of data, 
i.e., experimental and simulation data, have been used. The 
simulation data have been generated from linear and 
decoupled dynamics of the F-4D fighter aircraft. The 
experimental data have been obtained from the flight tests of a 
highly maneuverable 4th generation fighter aircraft called X-
craft in this paper. 

II. FUZZY ALGORITHM IN NONLINEAR SYSTEMS 
IDENTIFICATION  

Aircraft system identification is a highly versatile procedure 
which is used to extract aircraft mathematical models based on 
the measured response to specific control inputs [3]. 
Depending on the type of the system being identified (linear, 
nonlinear, or multi input multi output), there are various 
methods such as linear/nonlinear classic or non-classic and 
intelligent or non-intelligent identification methods. Three 
main methods used in system identification include white-box 
method, grey-box method, and black-box [4, 5, and 6].  

The fuzzy logic algorithm can be considered as a black-
box model [23] which, due to general approximation and 
generalization capabilities, has potential applicable to offline 
nonlinear modeling of the  aircraft dynamics.  

For aircraft flight identification, the aircraft nonlinear 
dynamics can be considered as an indistinct function f:  

))1(),...1(),(

);1(),...1(),(()1(

jnununu

inxnxnxfnx 
                (1)  

where f is an unknown function which needs to be 
identified, u and x are the aircraft control inputs and outputs 
respectively, and i and j are positive integers. The main 
purpose of fuzzy algorithms is to identify f function.  Figure 1 
shows a fuzzy-modeling, in which optimization algorithm sets 
the parameters to reach the minimum error by using the error 
between the measured output and the fuzzy system output 
during a recursive process.  

                  A. Batch Least Squares  

One of the optimization algorithms which minimizes the 
cost function for all input/output pairs is BLS. In other words, 
the goal of designing fuzzy system is identifying or obtaining 

)(xf which minimizes the cost function. 

Let s assume that g represents the system's physical equations 
that   should be identified, which can be a vector of aircraft 
state variables:  

                  (2)  
The training set G is defined by the experimental 

input/output data that is generated from this system. The 
input/output data for training, which is generated from the 
aircraft, is considered as G; and the following model can be 
used in system identification model:  
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In this model, )(ku and )(ky are system input and output at 

the time k. In this case, )()( kxxf T , and vector  )(kx

and 

 

can be defined as:  
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                                                (5) 

where )(kx is the egression vector, and values are set by 

using system input/output information or G information. In 
this case:   

)()()( xgkxxf T                                                 (6) 

If the cost function is chosen as:  
  EEV T

2

1
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which Tii xy )( ; the error vector YE , the 

output data vector TMyyyMY ],...,,[)( 21 , and )( M

 

vector is an NM matrix which is defined below:  
TTMTT xxxM )(...)()()( 21                                      (8) 

Therefore, the purpose of this algorithm is to obtain a 
minimum value for the cost function. Since this function is a 
second order function of

 

, its minimum is global and it is 

YTT 1)( .  

B. Recursive Least Square Algorithms  

The BLS approach has proven to be very successful for a 
variety of applications. In this approach, all the data are 
collected and then the processing is done (called a batch ).  
Therefore, this is an appropriate process for small numbers of 
data (M). Since the domain and dimension of and Y depend 

on M, when M increases, the calculation of inverse of T 

will get costly due to an increase in dimension. In order to 
compensate for it, the BLS algorithm can be used. This 
method enables estimation to be updated for each new input 

without calculating the inverse of T and using all the old 

data.  
To carry out this method, by considering Mk and also

ki0 , P(k), which is called covariance matrix will be 
defined as:        

T
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In the obtained BLS algorithm YTT 1)( ; this 

estimation is as follows:  
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Therefore, to estimate parameter )( k based on previous 

estimations when the last pair of data ),( kk yx is received: 

  ))1()(()()1()( kxyxkPkk Tkkk      

(12)  
If the matrix inversion lemma is used, there is no need to 
calculate the inversion of the covariance matrix.  

)1()())1()(()1()1()( 1 kPxxkPxIxkPkPkP TkkTkk     (13) 

The  RLS algorithms will be: 

))1()(()()1()( kxyxkPkk Tkkk             (14) 

There are various methods to determine the primary values of 
parameters. In this project the values are 0)0(

 

IPP 0)0( and 0 .  

If the parameters of the physical system  change slowly, 
weighted RLS  (WRLS) can be used and V function is defined 
as: 
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where 10

 

is called a forgetting factor . In 

optimization, this factor gives the more recent data higher 
weight in the optimization. In this method, the equations for 
WRLS are given as: 

)1()())1()(()1()1((
1

)( 1 kPxxkPxIxkPkPIkP TkkTkk     (16)                                                                                 

))1()(()()1()( kxyxkPkk Tkkk        (17)   

C. Designing Fuzzy Algorithm  

There are normally two types of approach to design fuzzy 
algorithm based on input/output pairs.  In the first approach, 
fuzzy algorithm is based on IF-THEN rules which are 
produced from input/output data. Therefore, the fuzzy 
system can be constructed from these rules based on certain 
choices of fuzzy inference engine, desirable fuzzifier, and 
defuzzifier. In the second approach, the fuzzy system 
structure is determined first and some parameters in the 
structure can change freely, then these parameters are 
specified based on input/output data.  

In this study, the second method has been used to design 
the fuzzy system. For this purpose, Gaussian membership 
function, center-average defuzzification, and product for the 
premise and implication have been applied. Therefore the 
fuzzy system constructed from numerical data is given by:  
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u which has been applied in the above equation  with 
T
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vector, is the input of  fuzzy system. 
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The values of
ib are also ( Ri ,...2,1 ) the output of centers 

membership function. Therefore:  
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If we define a function as follows: 
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Then, as a result: 

)(...)()()( 2211 ubububuf RR
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and  

]...,[)( 21 Ru                                                           (23) 

If we define  T
Rbbb ],...,[ 21

 

, there will be

)(uufy T . As a result, if we have )(ui
, we 

will also have )(u . Therefore, equation 20 is the same RLS 

method, and )(u is the same regression vector in LS method.  

Generally, the training data iu are mapped into )( iu and 

the least squares algorithms produce an estimate of the best 
centers for the output membership function (

ib is also created 

by LS algorithm).That is, LS or BLS are reliable methods to 
train the fuzzy logic algorithm.   

D. Takagi-Sugeno Fuzzy System  

Identification techniques based on Takagi-Sugeno fuzzy 
system have proved an effective tool in modeling complicated 
data-based nonlinear systems. Since inputs and outputs in 
engineering systems identification are real values, we have 
used Takagi-Sugeno method which uses real values instead of 
fuzzy function which has come to be known as functional 
fuzzy system . Fuzzy system is a nonlinear static mapping 
between inputs and outputs based on If- Then rules. Takagi-
Sugeno (or functional) fuzzy system will provide a better 
approximation than a standard fuzzy system for a particular 
application such as modeling and identification of aircraft 
nonlinear flight dynamics. The rules in this kind of system are: 

If 1u is jA 1
and nu is l

nA , then (.)gbi
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jA1 is the a fuzzy collection and the then part is a linear 

combination of input variables. 
2

.
2

11.0. )(...)((.) nniiii uauaagb                   (24) 

Or 
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The fuzzy system output is the average weighted ib , that is: 
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To normally apply that: 

R

i
i

ini

R

i
R

i
i

ii

R

i
R

i
i

ii

R

i

u

ua

u

ua

u

ua
y

1

,
1

1

1,
1

1

0,
1

)(

)(
...

)(

)(

)(

)(
      (28)  

the regression vectors of )(u

 

and will be : 
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Therefore, Takagi-Sugeno fuzzy algorithm which is in 
accordance with linear parametrical model is: 

)(uuf T                                                               

(31)  

III. DATA GENERATION 

In order to show the fuzzy logic algorithm abilities in 
modeling and identification, two sets of data have been used:  
a. Linear and decoupled dynamics of the Beech M99 and F-4D 
fighter aircraft.  
b. Experimental measurements of a highly maneuverable 4th 

generation fighter aircraft. 

A. Linear and Decoupled Data  

The aircraft's linearized equations are available in the form 
of transfer functions in Laplace space in [2]. By putting 
stability dimensional derivative values [24] for a specific 
mach and altitude, transfer functions can be obtained based on 
rudder input in lateral axis and elevator in longitudinal axis. At 
instance, the F-4D aircraft's side slip angle transfer function 
based on input elevator is shown as:  

)(
4.88676828.470135.137948.874

60.206.304724.240338.11
)( s

R
ssss

sss
s

 

      (32)  

By converting these functions from Laplace space into 
state space and solving them (simulation), the necessary data 
for training the fuzzy logic algorithm can be produced. These 

data will include angle of attack, side slip angle, linear 
velocities, and Euler angles.  

B. Experimental Data 

In order to obtain experimental data, a two-engine fighter 
aircraft has been used. Flight tests have been carried out in 
calm weather conditions at a specific Mach and altitude. The 
pilot applies suitable input to each one of the aircraft control 
inputs including three angles of main control surfaces 
(elevator, aileron, and rudder). Applying input, during flight 
tests for data sampling, is done by the pilot in trim conditions 
at a specific Mach and altitude. It is worth mentioning that due 
to the tested aircraft's high maneuverability and agility, a little 
variation in Mach and altitude during the test can be observed. 
In this type of aircraft, control commands are internally 
connected to one another; therefore, when only one of the 
commands is applied to the aircraft, there would be a little 
variation in other control surfaces. 

The aircraft was instrumented to measure longitudinal ( xn

), lateral ( yn ) and normal translational accelerations ( zn ), 

pitch ( ), roll ( ), yaw angle ( ), indicated airspeed (v), 

barometric altitude (h), and AOA. The signals were sampled at 
10 Hz and stored on an on-board Flight Data Recorder (FDR). 
The FDR device records both the pilot inputs applied by the 
stick and control surface changes.  

C. Training Input Signals   

The type of input (excitation) signals play the most 
importance roles for collecting identification data in the 
process of training and generalization of the identified model; 
so, it is necessary to define suitable inputs and apply them 
appropriately to the aircraft. It is obvious that the identified 
model excited by suitable input has higher quality compared to 
the model identified with un-suitable inputs. Experience 
shows that the form of input signal can have a significant 
effect on the approximation accuracy of the parameter 
conducted by the dynamic measurements during flight. The 
input command form should be proportionate to the special 
mathematic model indicating the aircraft behavior being 
tested. In flying vehicles such as aircraft, the input signals 
should be able to excite various flight dynamic modes [25]. 
The best input for system identification is white noise signal 
which includes a wide domain of frequencies and excites all 
the frequencies equally [26]. This input can be used in 
simulation. However, the application of this input in actual 
flight is difficult; thus, other inputs are used in aircraft's actual 
dynamics identification. In this study, frequency sweep and 
DLR3211 multistep inputs (Figure. 2) have been used. 
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To obtain linear decoupled flight dynamic data, the input 
DLR3211 has been defined in the form of Laplace transfer 
function. For example, the Laplace transfer function of ( )R s

 
which has been used in this study is as follows: 

  

2 8 12 14 160.1 0.2 0.2 0.2 0.1
( )

S S S S S

R

e e e e e
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S
         (33)  

By applying ( )R S or ( )E S

 
in the aircrafts' transfer 

functions (Eq. 1) calculating the inverse Laplace, the state 
variables of ( )t , ( )t and ( )t , ( )U t , ( )t and ( )t in 

longitudinal and lateral directional will be obtained. 

IV. RESULTS 

As it was shown, the input signal plays an important role in 
the identification and extraction of the system's suitable 
dynamic model. In order to obtain a suitable model for the 
aircraft, various training signals in flight test and simulated 
data have been used. In Figures 2 and 3, two types of training 
signals which have been used to obtain suitable data during 
flight tests are shown. 

Figures 4 and 5 show the training results of AOA with 
multi-step and sinusoidal inputs for the simulated data. The 
figures for various flight parameters include three sections. In 
the first section of the figure, the aircraft's output (validation 
or training data) and the fuzzy output model have been 
compared. In the second section of the figure, the input 
applied to the aircraft has been shown. The last section of the 
figure shows the MSE at each instance. 

As is clear in the first section of the figure, the fuzzy 
model has learned the aircraft's dynamics, and its output is 
similar to the desired data output. After training the fuzzy 
model and extracting its parameters, the obtained model 
should be able to have an appropriate response for each new 
input. To do this, the obtained model was evaluated by the 
new chirp and multi-step inputs. Figures 6 and 7 show the 
results of validation for the fuzzy model with these two inputs. 

In order to adjust the parameters of the fuzzy model, 
accurate definition of fuzzy rules for the assigned functions 
and the selection of primary parameters play an important role 
in the process of model training. Figure 8 shows the amount of 
each rule s activity which is dealt with in equation 19.   

The number of rules and selection of parameters are 
determined based on the number of available data for training. 
On the whole, as is shown in Figure 9, an increase in the 
number of rules results in a decrease in the model s average 
number of errors. 
After the initial evaluation of the proposed fuzzy model and 
determination of the number of rules for the obtained fuzzy 
model, the fuzzy model will be evaluated by the experimental 
flight data. For training the fuzzy model with the experimental 
data, two input signals of multistep and sinusoidal have been 
used.   
Figures 10 and 11 show the training results of aircraft s AOA 
with the experimental data. The training has been done using 
multistep and sinusoidal signals. The training times with 

multistep and sinusoidal inputs are 100 and 80 seconds, 
respectively. 

As is clear, in sinusoidal input, domains and phases for 
each time period are not equal.  Thus, this input contains 
variable frequencies; therefore, it will identify a wide domain 
of the aircraft dynamic frequencies. The training results of 
AOA with the input of elevator for the aircraft using the 
obtained experimental data during the flight test have been 
shown in Figures 12 and 13. In these figures, the input type 
and MSE for each data have been shown. As is clear from 
these figures, the fuzzy model has been able to model a wide 
domain of the flight without the main system. This means that, 
the introduced sinusoidal training input is a suitable input for 
training.  

In Figures 14 to 16, the training and validation results of 
linear and angular accelerations for the obtained experimental 
data during the flight tests have been shown. The obtained 
data during the flight test have been sampled at a specific 
altitude which during the test and the application of control 
inputs, there were some variations in the altitude of the aircraft 

aircraft s altitude around this sampling altitude should also 
remain constant. The increase in the data is due to moving 
away from altitude and the trim point. Mach variations have 
the same effect as altitude on the data. Figures 17 and 18 show 
the variations in Mach and altitude for the test and training 
data. The results show that if we do not go away from the 
initial trim condition, in testing phase; with any given input to 
the system, the identified model will produce acceptable 
output.         

Table 1 shows the MSE for the data validation and training 
for aircraft dynamics different parameters. MSE is a suitable 
criterion for the evaluation of the fuzzy model intended to 
identify the system. As is clear, the MSE values for Euler 
angles are considerable. The reason for this can be attributed 
to the aircraft leaving the initial conditions of the equilibrium 
point. However, in fuzzy logic algorithms by increasing the 
number of rules, these errors can decrease.  

V. CONCLUSION   

In this paper, by proposing a new approach for fuzzy logic 
and suitable training, it was shown that the highly 
maneuverable fighter aircraft with nonlinear dynamics can be 
identified and predicted through the fuzzy logic system. It was 
additionally shown that fuzzy model will have suitable 
generalization for the new inputs without requiring any error 
signals from the main system. It was also found out that the 
proposed Takagi-Sugeno fuzzy systems are able to identify 
aircraft complex and nonlinear dynamics appropriately. 

On the whole, fuzzy logic algorithms have enough 
potential for the identification of aircraft dynamics. The 
proposed method in this study has the advantage of having a 
short computation time and can estimate an acceptable model 
based on the flight tests. Therefore, the aircraft dynamics can 
be modeled without requiring any aerodynamic models or 
aircraft dynamics derivatives and priori knowledge about the 
aircraft dynamics model. Finally, it can be concluded that, the 
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fuzzy logic algorithms can be applied in developing flight 
simulators for all types of aircraft and be acceptable for 
aircraft modeling and identification based on the known flight 
tests data.   

Fig.1 Basic scheme of the identification model for the nonlinear dynamic 
system using fuzzy logic algorithms.   

Fig.2. Three-channel series multistep input for training experimental flight test 
data  

Fig.3. Three-channel series sinusoidal input for training experimental flight 
test data  

Fig.4. Training results of the AOA for simulation data with sinusoidal 
input  

Fig.5. Training results of the AOA for simulation data with multistep 
input  

Fig.6. Validating results of the AOA for simulation data   

Fig.7. Validating results of the AOA for simulation data   

Fig.8. Membership functions activity for AOA  in Takagi-Sugino fuzzy 
system 
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Fig.9. Process of minimizing error by increasing the number of rules for AOA 
in Takagi-Sugino fuzzy system    

Fig.10. Results of aircraft AOA experimental data training by elevator input in 
Takagi-Sugino fuzzy system with multistep signal   

Fig.11. Results of aircraft AOA experimental data training by elevator input in 
Takagi-Sugino fuzzy system with multistep signal    

Fig.12. Comparing aircraft AOA experimental data by Takagi-Sugino fuzzy 
system with a new input  

Fig.13. Comparing aircraft AOA experimental data by Takagi-Sugino fuzzy 
system with a new input   

Fig.14. Results of aircraft linear accelerations training by experimental  data 
in Takagi-Sugino fuzzy system   

Fig.15. Results of aircraft linear accelerations validating data by experimental  
data in Takagi-Sugino fuzzy system   

Fig.16. Results of aircraft angular accelerations validating  by experimental  
data in Takagi-Sugino fuzzy system 
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Fig.17. Mach changes for data test   

Fig.18. Altitude changes for training data 

TABLE I.  MSE OF TRAINING AND VALIDATING OF IDENTIFIED MODEL  
FOR EXPERIMENTAL FLIGHT DATA 

States Training MSE Validating MSE 

 

1.238 0.8134 

 

0.0060 0.0038 

 

0.0038 0.2474 

xN

 

0.1137 0.756 

yN

 

0.0629 0.424 

zN

 

0.0045 0.0024 

 

1.369 1.081 
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Abstract—This Hospitals consume large amounts of energy 
due to its operation characteristic. The HVAC system designed in 
hospital buildings runs 24 hours and has special air supply 
requirements. This study aims to evaluate the energy-saving 
efficiency of HVAC system by studying two Taiwan’s green 
hospital buildings. Results show 39.3% energy saving efficiency 
based on integrating VFD (Variable Frequency Drive) chiller, 
VAV (Variable Air Volume) system and VWV (Variable Water 
Volume) system for an existed hospital buildings. Verification 
shows eQUEST simulation results are within 7% margin of error. 
The new-built hospital is evaluated based on appropriate 
parameter assumptions and life-cycle analysis (LCA). Four cases 
are generated based on different chiller capacity designs. Four 
cases are estimated to reduce an average 40% energy 
consumption compared to the baseline model. It is concluded that 
the optimum chiller capacity design are two 300RT chillers with 
investment cost of 8,848,400 NTD and life-cycle cost of 69,150,134 
NTD. Total payback period is four years. To sum up, this study 
demonstrates the integration of computer simulat1ion and LCA 
in evaluating green hospital buildings, and the HVAC energy-
saving performance is approximately 40%. 

Keywords—Hospital Building; HVAC; Energy Simulation; 
eQUEST; Life Cycle Analysis 

I.  INTRODUCTION  
The number of hospital building in Taiwan has increased 

due to domestic care demand rises. Many systems in hospital 
are operated 24 hours, including electricity system, HVAC 
(Heat, Ventilation and Air-Conditioning) system, and 
emergency systems which should all be maintained stably to 
provide reliable service. Hospitals consume large amounts of 
energy. Among all the electricity consumption in hospitals, 
HVAC system accounts for nearly 50%, equipment use 
accounts for 30%, lighting use accounts for 20% [1].  

 

HVAC system design and operation play an important role 
in managing energy consumption of hospital buildings. For 
existed hospitals under renovation or new-built hospitals, it 
could be helpful and energy efficient if HVAC system can be 
early evaluated by implementing energy simulation tool to 
propose the best HVAC design. Taiwan’s green building 
certification system EEWH has been established more than ten 
years. HVAC system design is one of the highest score which 
can be achieved by adopting energy-saving design. 

 

Study of hospital energy use can be divided into two types: 
building envelope and energy concerning to internal use. Chou 
[2] studied regional hospitals based on building envelope and 
concluded that the EUI (Energy use Intensity) value of regional 
hospital buildings are 225 kWh/m2・year. In Taiwan’s green 
building certification published in 2012, the EUI value  is 254 
kWh/m2・ year. With more sophisticated technology and 
equipment used in hospitals, the energy consumption also 
climbs up compared to years ago. Chen [3] studied energy 
consumption of hospitals by measuring the actual electricity 
use, and concluded the most energy-consuming area in hospital 
is operating room, see Table 1. 

TABLE I.  ELECTRICITY CONSUMPTION IN HOSPITALS  CHEN [2] 

Area 
EUI  

(kWh/m2・year) 
Out Patient Clinic 234.9 

Rehabilitation 367.3 
Pharmacy 511.4 
Radiology 514 

Hemodialysis Unit 597.1 
General Laboratory 695.7 

Patient Room 276.5 
Emergency Room 448.7 

ICU 562.5 
Operating Room 740.1 

 

      Energy-saving design in HVAC system have been 
developed and are widely adopted by designers in recent years, 
including using VSD (variable speed drive) chillers, variable 
air volume system, and variable speed pump to increase energy 
use efficiency. The above systems are the most widely adopted 
HVAC energy saving designs. This study will discuss the 
energy saving performance based on the above three designs to 
evaluate the potential energy saving performance of hospital 
buildings by using energy simulation tool. 

TABLE II.  HVAC ENERGY SAVING DESIGNS 

System Description 

VSD Chillers 

Use variable speed drive 
to adjust motor speed 
when chillers are in  part 
load capacity operation 
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VAV 
Control temperature by 
varying the supply air 
volume 

VWV 
Use variable speed pump 
to allow pump to operate 
over a wide speed range 

 
The concept of energy simulation began when need for 

environmental protection in construction industry increased. 
Energy simulation provides a tool to evaluate different design 
alternatives in early designing stage. Famous simulation tools 
include DOE-2, EnergyPlus, eQUEST etc. Different software 

has its own designed input interface and load calculation 
process. Energy simulation tool chosen in this study is 

eQUEST3-64 version, developers are constantly updating and 
adding new features to make sure programs are efficient in use. 

Singh [4] compared the difference in model built-up process 
and calculation results between eQUEST and DesignBuilder. 
All input data were the same in both software. However, there 
was constant difference of 7% in calculation result. The reason 

was finally tracked down to the area of the experimental 
models. Design Builder used user-defined dimensions as 

external boundary, and deducted the external wall thicknesses 
from the plan reducing the floor area. However, eQuest treated 
it as internal zone space and kept the full area as conditioned 

floor area. 
 

 
 

Fig. 1. Building Dimension Definition 

 
Rallapalli [5] compared the simulation process and result 
between EnergyPlus and eQUEST. Results show that 
EnergyPlus provides more accurate calculation results than 
eQUEST, while eQUEST performs better in terms of 
calculation time. Ke [6] uses eQUEST in examining the 
energy-saving performance of an office building by applying 
IPMVP Option D verification process. It is concluded that 
eQUEST calculation results can be verified within 6% margin 
of error compared to actual data. Lee [7] concluded that 
compared to VAV and VWV system, energy-saving design in 
chillers performs the best energy-saving efficiency. The life 
cycle year of HVAC systems are usually 5 to 10 years. It is 
important to consider the time value of money when it comes 
to evaluating the investment benefit and payback period of 
HVAC systems. Chan [8] uses saving to investment ratio (SIR) 
evaluating the best design option for chillers in a building 
renewal project, energy cost is also considered to provide a 
comprehensive financial analysis for HVAC system. 

II. METHODOLOGY 
     This study aims to use energy simulation tool eQUEST 
3.64 to simulate a hospital building and verify with actual 
electricity data. Based on the experience1 familiarizing using 
eQUEST and model built-up process, a new-built hospital is 
evaluated to propose the ideal HVAC design based on the 
energy consumption and life cycle cost study. Research 
flowchart is shown in Figure 2. 

 
Fig. 2. Research flowchart 

 

A. Study Scope 
Two hospitals chosen in this study are located in the center 

of Taiwan. Level of hospital is regional  hospital (medium 
scale with the amount of inpatient bed over 250). This study 
focuses on studying the electricity consumption and energy-
saving efficiency of HVAC systems, heat and natural gas 
energy are not discussed in this study. 

B. eQUEST 
Input data in eQUEST includes climate data, building 

footprint, space allocation (zoning), material 
property/placement of windows and doors, heat load and 
occupancy (lighting, equipment and people), HVAC system 
design, indoor temperature and schedule. Building footprint is 
collected from hospital management manager who provides 
the original CAD drawings of architectural and HVAC 
designs. Lighting and equipment density are collected from 
hospital’s central monitoring center, site visit and data from 
previous study [3]. Occupancy schedule is investigated 
through paper survey. The whole input process takes  time to 
finish and check. Figure 3 shows the process of how eQUEST 
calculates thermal load. 
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Fig. 3. Thermal Load Calculation of eQUEST 

 

C. Life Cycle Analysis 
Life cycle analysis in this study considers the investment 

cost, maintenance and repair (M&R) cost, replacement cost, 
and energy cost of HVAC system. Life cycle year uses 15 year 
based on the average life cycle year of chillers. Cost data are 
collected from HVAC system suppliers. Calculation model is 
shown in Figure 4. 

 
Fig. 4. Life cycle analysis 

 
Payback period is calculated by considering the energy 

cost which can be saved. Taiwan’s hospital buildings usually 
sign individual contract with electricity supply company to 
determine the unit electricity price. Unit price in summer will 
be charged higher than non-summer period. The unit 
electricity price used in this study us listed in Table 3. 

TABLE III.  ENERGY COST [9] 

Season Price (NTD) 
Summer (Jun.-Sep.) 2.55  

Non-Summer 2.37 
 

During the life cycle year, it is estimated to have 2% 
increase annually in energy cost, see Figure 5. In 

compounding interest calculation, i=2% is used in calculating 
the time value of money based on current statistical data 
provided by Taiwan’s financial authority [10]. 
 

 
 
Fig. 5. Average Electricity Price in Taiwan since 1992. 

 

III. CASE STUDY-HOSPITAL A 
Hospital A was launched since 2007 and was certified as 

green building with achieving four energy-saving indexes. 
Electricity cost accounts for 90% of total energy cost. Hospital 
A is 24-hours monitored in electricity and emergency use, and 
provide optimum computer control in HVAC system. Building 
information of hospital A is shown in Table 4. 

 

TABLE IV.  HOSPITAL A - BUILDING INFORMATION 

Content Detail 
Climate Zone Taichung, Taiwan 
Orientation N-S 

Floor B2-6F 
Floor Area 32526 sqm 

Conditioned Area 25328.7 sqm 
 

A. Data Input 
Data input is eQUEST takes time and effort to finish. Try 

and error method is used during model built-up process to 
investigate the setting that most fits with actual design. Heat 
transfer property of building envelope should be input in 
imperial unit in eQUEST. Table 5 shows input data in SI unit. 

 

TABLE V.  DATA INPUT OF HOSPITAL A 

Category Content Detail 

Building 
Envelope 

Exterior Wall U=3.5 W/m2.k 
Curtain Wall U=2.4 W/m2.k 
Interior Wall U=0.68 W/m2.k 

Roof U=0.75 W/m2.k 
Window U=5.68 W/m2.k 

Lighting Power 
Density 

Medical Area 15W/m2 
Public Area 12W/m2 

Corridor 10W/m2 
Patient Room 11W/m2 

Office 15W/m2 

HVAC chillers Centrifugal 
Screw 

420RT*2 
250RT*2 
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Building footprint defined in the model is drawn according 

to the conditioned area line of each zone. There’re no tall 
buildings around hospital A, sunlight affected by surrounded 
tall buildings can be ignored. Interior occupancy is mainly 
divided into 12-hour for office use, and 24-hour for medical 
use. Model of hospital A is shown in Figure 6. 
 

 
 

Fig. 6. Hospital A model in eQUEST 

B. Verification 
Verification result of hospital A is shown in Table 6. 

Actual data is the average electricity consumption of each 
month between year 2009 to 2012. Electricity consumption in 
2007 and 2008 are excluded due to the uncertainty of space 
use in the first two years of building operation. Simulation 
results are within 7% margin of error, which proves that 
eQUEST can perform reliable simulation result with fully 
understanding model’s operation characteristic and adequate 
data assumption. 
 

TABLE VI.  VERIFICATION RESULT 

Actual 
(1000kWh) 

Simulated 
(1000kWh) Error (%) 

404.2 419.9 3.9 
415.4 398.8 -4.0 
502.8 470.9 -6.3 
498.8 512.2 2.7 
603.7 603.2 -0.1 
631.0 607.0 -3.8 
639.5 647.1 1.2 
657.8 630.4 -4.2 
627.2 591.7 -5.7 
578.1 592.2 2.4 
502.3 470.6 -6.3 
465.6 454.4 -2.4 

 

C. HVAC Energy-Saving Analysis 
Three energy-saving designs: VSD chillers, VAV system, 

and VWV system are discussed in this study to investigate the 
energy-saving performance of HVAC system. In eQUEST, 
variable speed drive in chillers is set up by inputting 
coefficients of performance curve to simulate VSD chillers. 

VAV ventilation system and VWV system is set up by 
selecting eQUEST program setting from constant to variable. 
Energy saving efficiency is calculated by formula (1). 

 

 
 

ESP: Energy-saving percentage 
BL: Electricity consumption of baseline model 

WESD: Electricity consumption without HVAC 
energy-saving design 

 
Baseline model is set up exactly the same as hospital A 

with energy-saving design in HVAC system being 
implemented. In order to calculate how much energy is saved, 
energy-saving design is excluded in another model to calculate 
the energy-saving efficiency of hospital A. Simulation result 
shows the electricity consumption of HVAC system in 
hospital A increases 39.3% annually, almost 20% of total 
electricity consumption of hospital A. Compared to summer 
period, HVAC system saves more energy during non-summer 
time because energy-saving design performs better when 
systems are in part-load supply. 

 

 
 
Fig. 7. HVAC energy-saving efficiency of Hospital A  

 

IV. CASE STUDY-HOSPITAL B 
Hospital B is under designing stage. Compared to hospital 

A, it is designed to be a mix-use hospital with 8th to 10th floor 
used as dormitory. In this part, floor 8 to 10 will not be 
discussed because the air-condition system is not served by 
central HVAC chillers. Hospital B contains less conditioning 
area than hospital A. Building information of hospital B is 
shown in Table 7. 

 

TABLE VII.  HOSPITAL B - BUILDING INFORMATION 

Content Detail 
Climate Zone Taichung, Taiwan 
Orientation North-South N-S 

Floor B2-10F 
Floor Area 31130 sqm 

20



Conditioned Area 11522 sqm 
 

A. Baseline Model Data Input 
. Baseline model defined in hospital B will be without 

energy-saving design, which is different from what is defined 
in model A. Due to the limitation in collecting building 
information data from hospital B, building envelope is set up 
according to ASHRAE standard 90.1-2010 [11]. Lighting and 
equipment density are input according to Chen’s study [3], 
who has measured the actual electricity consumption of 
different areas in hospital. The total capacity of chillers is 
designed to be 600RT. Model of hospital B is shown in Figure 
8. Hospital B processes large amount of curtain wall to allow 
more daylight in the room, which can be expected to reduce 
lighting power during daytime. 

TABLE VIII.  DATA INPUT OF HOSPITAL B 

Category Content Detail 

Building 
Envelope 

Exterior Wall U=3.3 W/m2.k 
Curtain Wall U=1.46 W/m2.k 
Interior Wall U=0.68 W/m2.k 

Roof U=0.78 W/m2.k 

Lighting Power 
Density 

Medical Area 13.9W/m2 
Radiology 16.1W/m2 

Patient Room 11.3W/m2 
Office 12W/m2 

Equipment 
Power Density 

Outpatient Clinic 42.3W/m2 
Operating Room 65.2W/m2 

Radiology 346.5W/m2 
Patient Room 15.9W/m2 

Office 52.1W/m2 
HVAC chillers Centrifugal 300RT*2 

 

 
 

Fig. 8. Hospital B model in eQUEST 

 
Baseline model simulation result is shown in Table 9. 

Total electricity consumption is estimated to be 2,439,100 
kWh each year. This will be used as comparison basis for 

simulating different HVAC design alternatives. 

 

TABLE IX.  HOSPITAL B –BASELINE MODEL SIMULATION RESULTS 

Month Electricity consumption of 
HVAC system (1000kWh) 

1 165.4 
2 155.7  
3 185.6 
4 199.7 
5 225.0 
6 225.4 
7 244.0 
8 235.3 
9 225.7 

10 224.0 
11 176.5 
12 177.9 

Total 2439.1 

B. Design Alternatives 
Chiller design have huge impact on HVAC energy 

consumption. This study uses the total capacity of baseline 
chillers (600RT) to generate different capacity combinations. 
Taiwan’s green building regulations also indicates that at least 
two chillers should be used in hospital buildings. Four design 
alternatives are simulated, see Table 10. All designed chillers 
are centrifugal chillers with VSD. 

 

TABLE X.  DESIGN ALTERNATIVES 

Case Chillers (RT) 
1 200+200+200 
2 300+300 N-S 
3 400+200 
4 500+100 

 
Energy efficiency calculation in hospital B is different 

from hospital A. Baseline model defined in hospital B is input 
without any energy-saving design in HVAC system. Energy 
efficiency is calculated using formula (2). 

  

 
 

ESP: Energy-saving percentage 
BL: Electricity consumption of baseline model 

ESD: Electricity consumption with HVAC 
energy-saving design 

 
Simulation results shown in Table 11 indicates that case4 

has the lowest HVAC energy consumption. Average energy-
saving efficiency is expected to be 40%. 
 

TABLE XI.  SIMULATION RESULT 

Case Design 
alternatives(RT) 

Simulated Result 
(1000kWh) 

ESP 
(%) 

1 200+200+200 1500.9 38.5% 
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2 300+300 1432.9 41.2% 
3 400+200 1480.7 39.3% 
4 500+100 1355 44.4% 

 

C. Life Cycle Analysis 
In this part of the study, life cycle analysis is used to 

compare different design alternatives and provides 
recommendation from financial point of view. 
Maintenance&repair cost is calculated every 5 years. Table 12 
shows the life cycle cost of each design alternative. Case 4 has 
the lowest life cycle cost compared to other three cases.  
 

TABLE XII.  LIFE CYCLE COST 

Content Case1 Case2 Case3 Case4 
Investmen

t Cost 8848.4 8848.4 9168.4 8728.4 

Total life 
cycle cost 74382.3 69150.1 71139.3 66216.6 

a. Unit: 1,000NTD 

 
Table 13 shows the payback period of each design case. 

Four cases have average 4.3 years based on the energy cost 
which can be saved.  
 
 

TABLE XIII.  PAYBACK PERIOD 

Year Case1 Case2 Case3 Case4 
1 2226.8 2387.1 2275.8  2574.6 
2 4453.8 4774.2 4551.7  5149.3  
3 6680.5 7161.2 6827.4  7723.9  
4 8907.3 9548.2 9103.1 10298.4 
5 11134.0 11935.1 11378.8 12872.9 

Initial 
Cost 8848.4 8848.4 9168.4 8728.4 

Payback 
period 4 4 5 4 

a.  Unit: 1,000NTD 

 
To conclude the life cycle analysis, case 4 performs the 

best in terms of life cycle cost analysis. The reason for this is 
because case 4 contains 500RT chiller which has higher COP. 
However, it is risky to implement and reply only on one 
primary chiller in the air supply of hospital. Once the primary 
chiller is under maintenance or malfunctioned, the whole air 
supply in hospital will be jeopardized. Case1 and case3 both 
have the same capacity of chillers, once any one of them is 
under maintenance or malfunctioned, there are the other 
chillers which can provide sufficient air to hospital. 
Therefore, the better option will be using case1. 

 

V. CONCLUSION 
This study integrates energy simulation in evaluating 

hospital buildings. Using eQUEST in simulating complex 
hospital buildings is reliable with 7% margin of error. Study 
results also conclude that HVAC energy-saving design 
proposed by Taiwan’s green building regulation can largely 
lower the electricity consumption of HVAC system, saving 
nearly 40% of energy consumption. The life cycle year of 
proposed design is four years. For future study, automatic data 
input in eQUEST can be developed to increase project 
evaluation efficiency. 
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Abstract—Infrastructure is the basic element serving the 

needs of human being. With the increasing population, 

sustainability is a way to balance human needs with nature 

capability. In the U.S., there are more than 4 million miles of 

major public roadways, which pavement/roadway plays an 

important role in providing connection and transportation for 

human activities. 

 It is well documented that the pavement/roadway 

construction may increase traffic congestions, delays and user 

costs, whilst the severity of congestion is more intensified in 

urban and densely populated areas. As a result, there is a need to 

develop repair and construction practices and processes that 

accelerate construction time, thereby reducing traffic delays, user 

costs as well as associated work time losses, fuel consumption 

increase, and other social economic impacts. To minimize the 

effects of such traffic delays and to expedite the pavement 

construction process, numerous Departments of Transportation 

(DOTs) and concrete paving companies have experimented the 

use of Precast Prestressed Concrete Pavement (PPCP) for 

expediting the roadway construction.  

This paper introduces a pavement construction method 

Precast Prestressed Concrete Pavement (PPCP) originally 

developed in Texas, United States. The state-of-the-art of the 

PPCP method will be reviewed. Then, its design concepts and 

field installation procedures will be discussed followed by a 

comparison of 5 demonstration projects. The comparison 

demonstrates that PPCP is comparatively sustainable and is a 

vital option for future roadway construction. 

Keywords—Pavement, Precast Concrete; Prestressed; 

Sustainable Construction 

I.  INTRODUCTION  

Pavements/ roads are means to provide connection and 
transportation for human. The idea of this paper -paving for the 
future is to introduce a sustainable construction method 
minimizing environmental and user impact during 
construction. With the increasing population projected to be 
reaching 8.1 billion in 2025 [1], it is especially crucial to 
choose better construction method. Based on the 2013 ASCE 
report card for American’s infrastructure, there are more than 4 
million miles major public roadways in U.S. - 32% are in poor 
or mediocre condition cost users $67 billion a year in 
additional repairs and operating costs; 42% in congested 

condition increased users $101 billion in fuel consumption [2]. 
With the increasing traffic demand, the already overloaded 
roadways are stressed to shorten the pavement life and increase 
users cost. When reconstruction and/or new construction is 
needed, the constantly closure of roadways may causes traffic 
congestions, delays, increase the chances of accidents and user 
costs in extra fuel consumption with environmental pollution. 
There is a need to break this imperfect cycle. How to meet 
human Therefore, it is vital to search for better method to pave 
for the future.   

The sustainable concepts in pavement construction are not 
new. They have been discussed widely in both practical and 
holistic ways in almost every stage of concrete pavement 
including design, materials, construction, use, renewal, and 
end-of-life recycling [3]. Moreover, the Portland cement 
concrete pavements have been proven to be durable and long 
lasting pavements [4].  

Precast Prestressed Concrete Pavement (PPCP), a concrete 
pavement construction method developed in 2000, stands out 
for its superior than others in many ways such as sound 
theories and empirically proven -derived from more than 20 
years laboratory and roadway experiments on cast-in-place 
post-tensioned method in Texas, thin slabs, durable with its 
post-tension [8], speedy construction, saving in user cost [4] 
and with demonstration projects validation.  

The paper will introduce the state-of-the-art of the PPCP 
method with the design concepts and field installation 
procedures followed by 5 pilot projects experimented in U.S. 
including Interstate 35 near Georgetown, Texas in 2002[4], 
Interstate 10, El Monte, California in 2004 [10], Interstate 57, 
Sikeston, Missouri in 2005 [11], Highway 60, Sheldon, Iowa in 
2006 [12], and Interstate 66, Middletown, Virginia in 2009[13]. 
The comparison of the above mentioned implementation 
projects in different states will be revealed.    

II. SUSTAINABLE PAVEMENT CONSTRUCTION METHOD- 

PPCP 

A.  PPCP  Design Concept 

The first investigation in prestressed concrete pavement is 

in 1937 [14]. Followed by a series of further studies related to 

the PPCP research originated from 1985 [9], PPCP is then 
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developed in 2000 by Center for Transportation Research 

(CTR) sponsored by Texas Department of Transportation 

(TxDOT) and Federal Highway Administration (FHWA) [4].   

The original design factors include: Elasto-Plastic 

Behavior-elastic range is considered; Load Repetition- the 

endurance of PPCP is related to the applied stress and number 

of repetitions; Subgrade Restraint-movement between slabs 

and sub-grade is related to friction and the slab dimension; 

Temperature Curling-slab curling when temperature changes 

can be resisted by slab weight; Moisture Warping-with the 

moisture difference between surface and bottom may induce 

warping; Pre-stress Losses-15%-20% loss is expected due to 

elastic shortening, creep, shrinkage, relaxation of the stress 

tendons, slippage of the stressing tendons, friction between the 

stressing tendons and the enclosing conduits and hydrothermal 

contraction; Buckling-hydrothermal changes within the 

concrete may induce buckling. The design variables include 

foundation strength, PCP thickness, slab length, slab width, 

magnitude of prestress, tendon spacing, and transverse joints 

[14]. 

B. PPCP Field Installation Process 

The basic elements of PPCP as shown in Figure 1 

Sincluding Joint Panel, Base Panel, and Central Stressing Panel 

which are fabricated in controlled environment and then 

assembled onsite with certain sequence. The PPCP 

construction procedure involve with a series of individual 

precast panels that are pre-tensioned transversely to the traffic 

flow during fabrication and post-tensioned parallel to the traffic 

flow after placement in the designated locations [4, 5].  

 

 
 

  

  

The basic PPCP construction process is summarized in 

Figure 2 and Figure 3 illustrated common PPCP procedure 

with some minor variants such as the site condition and special 

requirement in each state. After each stage, pavement can be 

opened to traffic shortly when needed.  

 

 
                       

Figure 2. PPCP Construction Process (*if needed) 

 

 

 
Fig. 3. The Construction Process of CaDOT’s Demonstration 

Project [5] 

C. PPCP Projects 

To further demonstrate PPCP method, several PPCP 
projects including Texas I-35, California I-10, Missouri I-57, 
Iowa Highway 60, and Virginia I-66 are investigated as follow.  
The variation of each installation process will be revealed. 

Interstate 35, Frontage Road- Georgetown, Texas [4, 6] 

This is the very 1st pilot project constructed on the North 
bound frontage road of Interstate 35 near Georgetown, TX in 
2002. The project is selected with a simple geometric layout 
with 2% uniform cross-slope to test and fine-tune basic precast 
paving techniques. The PPCP is constructed on both sides of a 
new bridge with total length of 2300 feet (700 meters). The 
PPCP panels are placed transverse to the flow of traffic with 
the 225 feet full-width panels and 325 feet partial-width panels 
as shown in Figure 4.  

 

Fig. 1. PPCP Panels  [4] 
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Fig. 4.Location and Layout of the PPCP pilot project-IH35, 
Georgetown, Texas [4] 

A single layer of polyethylene sheeting acting as friction 
reduction layer is placed over 2-in. hot-mix asphalt pavement, 
followed by the placement of 8 in. thick PPCP panels 
(prestressed with 80.5 psi -equivalent design life of 14 in. 
conventional pavement) designed with cast-in armored joints. 
Once panels are placed in designated location, the post-
tensioned will be applied every 250 ft slabs within 24 hours. 
The PSCP2 Design Program is used to design for decreasing 
the environmental effects. The project reveals that the 
reasonable placement rate is 25 panels in 6 hours. Comparing 
with the average cost of conventional pavement can be as low 
as $40/SY, the overall construction cost PPCP was higher, 
approximately $160/SY. 

The delay time was computed with QUEWZ developed by 
the Texas Transportation Institute (College Station, Texas) and 
later modified by Transtec, Inc. (Austin, Texas). With the 
hypothesis scenario, it reveals that the user delay cost of 
precast pavement is $680,610/day as respect to $124,500/day 
of conventional pavement shown in Table 1. [6].    

Table 1. Daily user delay costs comparison -precast vs. 
conventional pavement construction [6]      

 

Interstate 10, El Monte, California [10]  

    The project is constructed on eastbound Interstate 10 
approximately 2 miles west of the San Gabriel River Freeway 
(Interstate 605) in El Monte, California in 2004. This widening  
project is adding 27 feet of traffic lanes and 10 feet shoulder to 
the existing pavement to accommodate new high-occupancy 
vehicle (HOV) lanes. With the change in cross-slope from 1.5 
percent in the traffic lanes to 5 percent in the shoulder, the 
thickness of the panels varied from 10 to 13.1 in. (equivalent 
design life of 14 in. conventional pavement). The size of the 

panel is uniformed with 37 feet long full-width panels and 8 
feet width (not match-cast). There are 31 panels formed 
including 3 joint panels, 4 central stressing panels, and 24 base 
panels.  

    As stated previously, there are slight variation from 
project to project. This base of this project is lean concrete 
base, followed by rolling over a polyethylene sheeting and the 
placement of the 200 psi prestressed non-armored joint panels. 
Two temporary post-tensioning strands are applied after each 
panel is placed in the designated location. The placement rate 
improved with experience: 16 panels in 5 hours on the first 
night and 15 panels in 3 hours on the second night. The epoxy-
coated strands are post-tensioned every 124 feet with a ring 
anchor, or “dog bone” and a mono-strand stressing ram as 
shown in Figure 5. The much shorter post-tensioning length is 
merely to provide additional evaluation opportunity in this 
case. The under-slab grout ports cast into the panels are used to 
pump grout beneath the precast panels to fill any voids between 
the pavement and the lean concrete base. Then, the diamond 
grinding as the finishing to meet CALTRAN’s pavement 
smoothness specifications. The total cost was approximately 
$224/SY. The compatible fast-setting concrete mixes pavement 
cost is between $600-$1,200/SY.    

  

  Fig.5. The monostrand stressing ram used from the central 

stressing pockets [10] 
 

Interstate 57, Sikeston, Missouri [11] 

    The reconstruction project located in I-57 approximately 
10 miles north of the I-55 interchange in Sikeston, Missouri as 
shown in Figure 6 is completed in 2005. The “crowned” 
pavement cross-section is 38 feet wide as shown in Figure 7, 
including two 12 feet wide traffic lanes, 4 feet inside shoulder 
and 10 feet outside shoulder without changes in vertical 
curvature. To match the existing 8 in. pavement and two 
percent crown surface, the thickness of the panels varied from 
10 7/8 in. at the peak of the crown down to 7 in. at the edge of 
the inside shoulder and 5 5/8 in. at the edge of the outside 
shoulder as shown in Figure 7. Full-width panels of variable 
thickness with header-type expansion joint are applied on the 
uniform horizontal grade.  
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  Fig. 6. The Location of PPCP Demonstration Project in 

Sikeston, Missouri [11] 
 

 

Fig. 7. The Cross Section of the PPCP panels [11] 
 

The reconstruction project include removing the existing 
JRPC, placing PPCP panels and cast-in-place concrete 
pavement as shown in Figure 8. The subgrade was then re-
graded with 4 in. permeable asphalt treated based over 4 in. 
dense graded granular base as shown in Figure 8. The 
polyethylene sheeting is placed over the prepared base and 
epoxy was applied to the mating faces and keyways of the 
panels prior to installation of precast panels to avoid potential 
voids.  

 

Fig. 8. The cast-in-place pavement constructed adjacent at the 

end of PPCP section [11] 

 

Fig. 9. Sand filed in the Permeable Asphalt Treated Base [11] 
 

Laser alignment is used to align the installation of precast 
panels. To help close the joints prior to final post-tensioning, 
temporary post-tensioning rams are used when consecutive 
panels installation. The post-tensioning is applied from the 
joint panels instead of central stressing panels as shown in 
Figure 9. Non-continuous keyway between panels is utilized. 
The installation rate of panel installation including applied 
epoxy, install panels and temporary post-tensioning is 
suggested to be 20-30 minutes. Mechanical pusher was used to 
feed post-tensioning strands through the panels. The expansion 
joint seals were installed for extreme weather condition in MO. 
To meet MoDOT smoothness specifications, diamond grinding 
was applied. Two-piece tie bars were cast into the joint panels 
abutting the cast-in-place pavement to prepare for the tying 
PPCP to cast-in-place pavement as shown in Figure 10. The 
construction cost is approximately $248/SY.          

 

 Fig. 10. Post-tensioning from the joint panels [11] 

Highway 60, Sheldon, Iowa [12] 

    The newly construction project located at either end of 
the northbound bridge over Floyd River on highway 60 east of 
Sheldon, Iowa is constructed in 2006 as shown in Figure 11. A 
2 percent cross slope “rooftop” crown constructed on either 
side of the pavement centerline with uniformed 12 in. thickness 
and 77 feet long of the partial-width panels. There are three 
types of panels including “abutment panels”, base panels and 
joint panels. The “abutment panels” with trapezoid shape have 
keyways caste into 2 in. diameter pin sleeves. The length of the 
“abutment panels” vary from 8 ft 10 in. to 16 ft 11 in and 16 ft 
11 in. to 25 ft. The base panels are 20 ft long and 14 ft wide. 
The joint panels located at the end of the approach slab. The 
panels are not match-cast with keyways for both the transverse 
and longitudinal joint between individual panels.     
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 Fig. 11. The PPCP demonstration project in Sheldon, 

Iowa[12] 
The crushed limestone aggregate is applied as the base 

shown in Figure 12. To assure proper cross slope and elevation, 
the base was prepared with bulldozer, tripod-mounted rotating 
laser and portable plate vibratory compactor. A polyethylene 
sheeting was also rolled out over the prepared based just prior 
to the panel installations. The temporary post-tensioning was 
applied with adjacent panel installation. To disregard the 
surface condition, the high-viscosity, gel-paste joint epoxy was 
applied to connect panels. The project is especially different 
with Bi-direction post-tensioning.  As the panels are installed, 
the longitudinal post-tensioning strands were fed through the 
ducts. After all the panels are installed, the transverse post-
tensioning strands were then fed through the ducts across the 
longitudinal joint. The longitudinal post-tensioning was first 
applied, followed by filling epoxy and then the final transverse 
post-tensioning was applied after 24 hours curing. The 
experience reveals that underslab grouting process needed to be 
completed prior to the tendon grouting. Diamond grinding was 
also applied to meet IADOT requirement. The construction 
cost including fabrications, grading, anchoring the slab to the 
abutment and all the PPCP installations is approximately 
$739/SY.  

 

Fig. 12. Prepare the aggregate base [12] 
 

Interstate 66, Middletown, Virginia 

The project located in the westbound I-66 mainline, the 
Middletown, Virginia with roughly 1,020 feet in length (shown 
in Figure 13) is completed in 2009. The panels were 8.75 in. 
thick and 12 by 10 feet and 27 by 10 feet for the single lane 
(lanes 1 and 2 individual replacement) and double lane (lanes 3 
and 4 simultaneous replacement), respectively. A total of 306 
panels are fabricated with 2 Joint Panels, 1 Central Panel and 
multiple base panels.  

                     

Fig. 13. The location of the PPCP project on I-66 in Northern 

Virginia [13] 

 

Fig. 14. Geotextile fabric is placed as a friction reduction layer 

[13] 

 

The base was first removing the existing pavement and then 
No. 10 aggregate was hand graded and leveled. Followed by 
geotextile fabric as a friction reducing layer shown in Figure 
14, the installation of the panels and the temporary post-
tensioning is applied with bars when the consequent panel 
installed. Place the temporary panels to link the new PPCP 
addition with the existing pavement. The post-tensioning was 
applied from expansion joints at the ends in each section. 
Finally, the grouting and grinding were applied. The 
installation rate is improved with experience. The PPCP panels 
are installed no more than 8 panels during the first 2 weeks; 10 
panels during 3rd week; 12 panels for the single lane width and 
6 panels for the double lane width during a 6-hour work 
window. The total PPCP bidding cost is $377-$410 /SY.          

The innovative contracting was applied in this project. It 
extended the selected method of repairing pavement 
replacement within specified area and limited the bidding price 
as high as $5 million for the bidding contractors. The trial 
installation and user cost evaluation are conducted in the 
project. The cost comparison show that the net savings of 
$172,451 or 4.24 percent using the PPCP method for slab 
replacement as shown in Table 2. 

 

Table 2. Cost comparison of PPCP and baseline CIP for 
mainline on I-66 project [13]. 
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III. FINDINGS 

The PPCP concept and constructed projects are discussed 
previously. The benefits found in implementing PPCP projects 
are unified include: the speed of construction- no extra time 
required for curing, open to traffic once the construction 
finished each stage; reduced user delay costs (from 
approximately $680,610/day to $124,500/day); material 
savings-reduced pavement thickness (40–50% of a 
conventional pavement thickness), fewer joints (slab lengths of 
up to 440 ft), less maintenance, and enhanced durability (cracks 
are pulled closed by post-tensioning), overnight or weekend 
construction, greater control with prefabrication [6,7], reduced 
disruption to local business and improved safety and reduced 
traffic control cost [12]. Above mentioned benefits stressed that 
the concept and construction of PPCP is a sustainable choice. It 
can be a good choice for future paving.  

The comparison of each PPCP project is summarized in 
Table 4. It shows that the pavement design needed to adjust 
based on the site condition, project characteristics, 
environmental condition and the state requirement. As the 
PPCP method experimented in different state, the 
demonstration projects are generally small in size which leads 
to the high construction cost. The optimized approach may be 
reach with continuous improvement from the demonstration 
projects. The lower cost can be expected with larger scale 
implementation. 

IV. CONCLUSION 

The PPCP method was theoretically sound with sustainable 
variants. With the aforementioned successful demonstration 
projects in the US, the method is providing a sustainable choice 
for paving the future. 
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Abstract—This study proposes a systematic approach to 

estimate the MR&R cost of bridges using a reliability-based 

model. The approach first identifies a group of similar bridge 

samples to describe how the target bridge deteriorates in terms of 

reliability indices. The cost is then accumulated while each 

MR&R action is assumed to be taken over its lifespan. 

Afterwards, Monte Carlo Simulation is applied to generate the 

probability distribution as a stochastic result. Bridge expansion 

joint is employed as an example to demonstrate and to validate 

the developed approach. Likewise, the proposed model can be 

applied to all bridge elements and in turn, evaluate the MR&R 

cost for a whole bridge.  

Keywords—bridge;maintenance;cost;estimation;reliability 

I.  INTRODUCTION 

Deterioration is an inevitable process which requires 
maintenance, rehabilitation and repair (MR&R) to maintain at 
least a minimum satisfactory level of service quality. Proper 
budgeting for MR&R plan is essential for effective use of very 
limited government resources. Since the MR&R costs of 
bridges during their lifespan account for a significant portion of 
life-cycle cost [1, 2], adequate estimation of the cost will 
undoubtedly facilitate the priority evaluation of MR&R plans 
as well as the comparison of alternatives for new bridge 
projects.  

This study proposes a systematic approach to estimate the 
MR&R cost of bridges using a reliability-based model. Visual 
inspection data of bridge elements is used for prediction of 
deterioration. The performance of bridge elements is 
transformed into the reliability index. A stochastic approach is 
then introduced and the probabilities for what action should be 
taken at each time point is determined. The costs associated 
with different MR&R actions are summarized from past related 
contracts. Thus, the MR&R cost for each bridge element can be 
taken as the sum of costs for all actions activated over its 
lifespan. Afterwards, Monte Carlo Simulation is applied to 
generate the probability distribution as a stochastic result. 
Finally, a bridge element, expansion joint, is taken as an 
example to demonstrate the framework of the model. Likewise, 
the proposed model can be applied to all bridge elements and 
in turn, evaluate the MR&R cost for a whole bridge. 

II. RELATED WORK 

A. Estimating Bridge Life Cycle MR&R Costs  

A survey showed that the annual MR&R costs of public 
facilities in various countries accounted for 20%–50% of 
overall infrastructure expenditures [3]. Although these figures 
provide a statistical approximation, they lack accuracy for use 
in estimations. Regarding bridges, truck weight has been 
regarded as a major source of damages and maintenance costs 
[4]. Ni [5] found a roughly positive correlation between truck 
axle load and MR&R costs. Furthermore, Yang [6] proposed a 
simple linear regression model to predict MR&R costs over 
time. Such regression models can easily be expanded to include 
additional factors, leading to a multi-variable regression 
approach. However, regression models are useful only if the 
correlation exists. Attaining a reasonable result is typically 
difficult in multi-variable regression analyses because of a lack 
of eligible samples or unreliable data quality. Although data 
cleaning, classification, and grouping similar samples that 
match the bridge in question can improve the regression model 
results, classifying bridges by using numerous attributes 
requires a considered approach. 

B. Measures of Bridge Performance  

Measuring bridge performance levels is a major purpose of 
inspection and is typically scored using condition ratings, for 
which each condition state is predefined using an ordinal scale; 
most bridge management systems (BMSs) calculate the 
deterioration rate based on this condition rating. Instead of 
relying on visual inspection, the conditions of bridge elements 
can be measured using sensors. Such sensor readings are 
likely more accurate compared with the judgements of 
inspectors; however, only a few deteriorating phenomenon can 
be measured by sensors. Besides, installing sensors on all 
bridges yields considerable costs, limiting the availability of 
this method.  

Bridge safety often refers to a satisfactory level of 
reliability. Thus, measuring bridge element performance levels 
using a reliability index (RI) should be more comprehensive 
and accurately quantitative compared with using discrete 
condition states. Thoft-Christensen [7] proposed applying 
reliability theory to BMSs. Frangopol, Lin and Estes [8] used 
the RI to represent the performance levels of a reinforced 
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concrete bridge and the deterioration mechanisms of such 
bridges were further summarized by Enright and Frangopol [9]. 
To address certain uncertainties, the probability density 
functions of random variables have been applied to the 
deterioration process [10]. A computer program, namely the 
Life-Cycle Analysis of Deteriorating Structures, was 
developed to simulate activities that affect reliability profiles 
[11]. Reliability-based approaches can typically be applied to 
sensor-measured data, which are only available for certain 
bridges during their monitoring periods. Estes and Frangopol 
[12] attempted to use the later visual inspection data from 
PONTIS to update bridge reliability, but determined that 
certain revisions and conservative assumptions were required, 
limiting its application. Thus, the relationship between 
condition ratings and sensor-measured readings is difficult to 
establish. Although visual inspection data is in an ordinal scale, 
the RI can be defined if the probability distribution for 
performance rating is given and the acceptable level of 
threshold is set regardless of other measurements. 

C. Modeling Bridge Deterioration  

A bridge deterioration model is used to describe how 
performance levels change over a bridge’s lifespan. Tuutti [13] 
proposed a model that described the performance levels of 
concrete structures exposed to chlorides. Destructive load test 
or non-destructive evaluations have also been proposed to 
model deterioration [14, 15, 16]. Such models typically focus 
on a specific chemical or mechanical factor and often require 
numerous experimental tests to formulate deterioration 
mechanisms. Alternatively, regression analysis has been 
applied to historical data to build models based on correlations 
[17, 18]. Experimental and regression models assume that 
bridge performance levels have an expected value with time 
and are thus deterministic. By contrast, a stochastic model 
treats deterioration as a stochastic process that involves 
uncertainty; for example, the Markovian model in most BMSs 
[19, 20] assumes that the probability of transitioning from one 
condition state to another depends on the current state of a 
bridge and a predefined probability matrix rather than its age 
or any other bridge element information. However, using the 
Markovian model yields the following limitations: (1) it 
involves discrete transition intervals and stationary transition 
probabilities, which are sometimes impractical [21]; (2) the 
future condition of a bridge depends on its current condition 
state regardless of the facility condition history, which is 
unrealistic [22, 23]; and (3) calculating transition probability 
requires that a statistically significant number of observation 
pairs be applied to the same bridge element and such 
information is unavailable for new bridges. Although various 
scholars have attempted to enhance the Markovian model [24, 
25], the outcomes of their predictions solely depended on 
transition probability matrices, and rectifying the probabilities 
therein such that prediction accuracy can be improved requires 
substantial effort [26, 27, 22, 28, 29]. Sobanjo [30] showed 
that the results could be rather conservative if the probability 
matrix was dominated by expert elicitation models.  

In short, the aforementioned efforts suggest the following: 
(1) a rational approach for estimating bridge MR&R costs 
should be based on the deterioration process, involving all 

critical factors; (2) the deterioration process should be 
described using historical inspection data rather than human 
judgements; and (3) visual inspections have produced an 
extensive data source for modeling the deterioration process. 

III. MODEL DEVELOPMENT 

The retrieval of "similar" samples is of vital importance to 
the accuracy of modeling since the deterioration process for 
different bridge categories can be very different due to a 
variety of uncertainties (see Fig. 1). For a given target bridge, 
there should be more or less a set of similar bridge samples 
stored in BMSs (Bridge Management Systems). The retrieval 
process generally consists of two steps: (1) attribute extraction 
and (2) sample retrieval with the common attributes. The 
purpose of attribute extraction is to extract features that meet 
criteria of having sufficient clues leading to bridge 
deterioration implied in databases, then return a set of attributes 
describing those features. Having attributes identified, bridge 
samples with attribute values similar to the target one can be 
retrieved [31]. 

 

Fig.1. Deterioration Process for Different Bridge Categories 

 

TABLE I. D-E-R RATING FOR VISUAL INSPECTION 

 
Ratings 

0 1 2 3 4 

D No such Element Good Fair Poor Severe 

E Cannot be inspected <10% 10% ~30% 30%~60% >60% 

R Cannot be decided Minor Small Medium High 

 

The performance of bridge elements are usually visually 
rated based on levels of semantic descriptions. In Taiwan, 
conditions of bridge elements are assessed on a rating scale 
from 0 to 4 with respect to the degree (D) and the extent (E) of 
deterioration and its relevancy (R) to safety (known as the D-E-
R rating scale, see Table 1). By definition, D and E are physical 
measures of bridge conditions while R is comment made for 
further action. Therefore, a single condition index, namely NCI 
(New Condition Index), for prioritizing the condition states 
composed by D and E was proposed [18]. Since a greater D 
value indicates a severer condition state regardless of what E 
value is, NCI is defined as: 
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  D + (E-1)/4 , where D > 1 

                
1       , where D =1 

 

As formulated, NCI ranges from 1 to 4.75. It depicts 13 
levels of conditions for bridge elements. As a matter of fact, the 
measures of performance from the retrieved bridge samples 
form a probability distribution. The deterioration over time can 
be modeled by a group of distribution curves as shown in Fig. 
2. Each curve in Fig. 2 represents the probability distribution of 
performance of a bridge element at a specific point of age. It is 
anticipated that the average performance of bridges grouped by 
the same ages is getting worse over time while the uncertainty 
is getting higher. 

 

 

Fig. 2 Schematic Deterioration Model 

 
The results of visual inpection can be used to update the 

bridge reliability[12]. In this study, the performance model in 
Fig. 2 can be easily transformed into a reliability index profile. 

Suppose the acceptable level of NCI is given to be , the 

reliability index, , of bridge elements can be calculated as 
follows: 

σ

μλ
β


 , 

where   = reliability index;  = mean of NCI;  = standard 

deviation of NCI. 

 
For each time point (e.g. each year), the reliability index 

can be calculated if the probability density functions (PDFs) 
are determined. Therefore, the reliability index profile can be 
obtained as the curve over the PDFs shown in Fig. 2. 

Four levels of MR&R actions including 'do nothing', 
'routine maintenance', 'repair' and 'replacement' are taken into 
account in this study. To evaluate the probabilities for each 
action, this paper proposes a simple and rational solution solely 
based on the historic inspection data. First, four scenarios for 

bridge conditions are defined: (1) good, NCI < 1; (2) fair, 1< 

NCI < 2; (3) poor, 2< NCI < 3; (4) severe, NCI > 3. The 

1, 2, 3 are threshold levels set to meet the requirement for 
their corresponding MR&R actions. For each point of time, the 
probability of taking action i is denoted as pi. 

As the bridge condition for each year is a distribution of 
NCI values, the probabilities for bridge condition can be best 
fitted by a beta distribution defined on the interval [1, 4.75]. 

The 1, 2, 3 just divide the area under the PDF into four 
parts, denoted as A1~A4 as shown in Fig. 3. For any point of 
time, the probability for each MR&R level is identical to the 
probability for what scenario the condition of bridge element is 
determined. In other words, A1 indicates the probability for 
"do nothing" (i.e. p1) while A2 is for "routine maintenance" 
(i.e. p2) and so on. Therefore, the PDF for each point of time in 
Fig. 2 can be used to determine the probability for each 
maintenance option. As a result, the probability for taking "do 
nothing" is relatively larger than others at an early age of 
bridge (see Fig. 4). On the other hand, the "replacement" is 
gaining a bigger chance while the bridge element is getting 
worse (see Fig. 5). Some studies showed that the prediction of 
deterioration could be rather worse if the probability is 
determined by experts [30]. In this study, the proposed method 
determines the probability objectively based on data 
themselves only. It provides a fair approach and reflects the 
stochastic nature. 

 

Fig. 3. Probabilities of Taking Actions 

 

Fig. 4. Probabilities of Taking Actions for Younger Bridges 

 

Fig. 5. Probabilities of Taking Actions for Elder Bridges 
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IV. EXPERIMENTAL EXAMPLE OF COST ESTIMATION 

To establish the deterioration model, data on a total of 
2,128 bridges in the Taiwan National Freeway Bridge 
Management System are collected. With attribute value of 
expansion joint equal to "sliding finger joint" and length of 
maximum span roughly equal to 30 meters (70% of similarity), 
376 bridge samples with expansion joints which have not 
experienced any maintenance service are retrieved following 
the approach for searching similar bridges proposed by Huang, 
Mao and Lee [31]. Samples with the same age are grouped to 
form the PDF of performance for each year. The reliability 
index for each year is then calculated and forms a characteristic 

curve, the  profile, to represent the deteriorating process. As 

defined above, three levels of reliability indices,1, 2, 3 can 

be calculated due to 1, 2, 3 respectively, corresponding to 
different thresholds of performance level. As a result, three  
profiles are drawn as shown in Fig. 6. 

 

 

Fig. 6. Reliability Index Profile for Expansion Joint 

 

Costs for each level of MR&Ractions are summarized from 
past contractual documents provided by Taiwan Area National 
Freeway Bureau. Except for "do nothing," cost for each level 
of MR&R is represented by a log-normal distribution. 
Afterwards, Monte Carlo Simulation (MCS) is applied to 
simulate the deterioration and MR&R process over the lifespan. 
A 35-year of life span is considered in the working example. 

The reliability index, 1, profile for 250 simulations are plotted. 
It is noted that "do nothing" and "maintenance" tend to be 
taken in the early age while "repair" and "replacement" occur 
more frequently after the middle of lifespan. Besides, "do 
nothing" can still possibly be taken even though the reliability 
index is very low, which perfectly reflects the nature of 
uncertainty. The MR&R cost for expansion joint can be 
accumulated by the costs associated with all actions taken over 
a 35-year life span. As each cycle of simulation may produce 
different maintenance history, the sum of cost can be treated as 
a random variable provided with the mean and standard 
deviation. The result of cost estimation is presented in Fig. 7. 
As a result, the estimation of maintenance cost for expansion 
joint forms a lognormal distribution with a mean of 120,768 

TWD and standard deviation of standard deviation of 236,116 
TWD (1 USD ≈ 30 TWD). 

 
 
 
 
 
 
 
 
 
 
 
 

 
 
 

 
Fig. 7. Life-cycle Maintenance Cost for Expansion Joint 

 
To validate the proposed model, bridge samples that 

demonstrated similar attributes (i.e., sliding finger joints and a 
maximal span length of roughly 30 m) were retrieved from the 
198 bridges managed by the Mu-Za Section of the Taiwan 
Area National Freeway Bureau. All bridges were built 
between 1994 and 1997 and experienced MR&R service 
during 2000–2011. The average MR&R cost of expansion 
joints is TWD4,951 per span  [33]. To compare the result, 15-
year lifespan was set for simulation. After applying the 
proposed model for five trials of 1,000 simulations, the 
expected MR&R costs were TWD4,849, TWD5,064, 
TWD5,399, TWD4,643 and TWD5,358 per span. 

 

V. CONCLUSIONS 

This paper has proposed a systematic approach to 
estimate the maintenance costs of bridges during their service 
life using visual inspection data only. Expansion joint is used 
in this study as an experimental example to demonstrate the 
framework of the model. Monte Carlo Simulation is applied to 
compute the probability distribution of cost estimation. The 
initial results demonstrate the soundness of the proposed 
model. In a similar fashion, the proposed approach can be 
utilized to all other bridge elements to further evaluate the 
MR&R cost for a whole bridge. In addition, the application of 
the developed approach is not limited to bridges and can be 
applied to other infrastructural facilities. 
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Abstract: Most of the bridges in the world are built of concrete and 
steel.  Therefore, they are vulnerable to damage from environmental 
factors.  It is a major challenge to build bridge systems that have long-
term durability and low maintenance requirements. A solution to this 
challenge may be to use new materials or to implement new structural 
systems. Fiber reinforced polymer (FRP) composites have continued 
to play an important role in solving some of persistent problems in 
infrastructure applications because of its high specific strength, light 
weight, and durability. In spite of all these advantages, FRP 
composites have higher initial costs than conventional materials used 
in infrastructure application. To overcome this obstacle and to make 
the best use of materials, this study focused on the optimization of a 
hybrid FRP-concrete structural systems previously developed by the 
author.  An optimization scheme based on the optimality criteria and a 
simplified analysis method using the transformed plate formulation to 
represent the structural system is implemented. The optimization 
scheme reduced the weight of the hybrid superstructure by 
approximately 35 % from the initial design. 

 
Keywords: fibre reinforced polymer; hybrid system; 

optimization; bridge superstructure. 

I.  INTRODUCTION  

 
Because of their superior material properties—such as high 

specific stiffness, high specific strength, high corrosion 
resistance, light weight, and durability—FRP composites have 
come to play an important role in solving some of the most 
persistent problems in infrastructure applications. 

In spite of all these advantages, FRP composites have 
higher initial costs than conventional materials used in 
infrastructure application. To overcome this obstacle and to 
make the best use of materials, the idea of combining FRP 
composites with conventional construction materials such as 
steel and concrete has been considered by several researchers. 
Alnahhal et. al. (2008) developed and tested one-quarter-scale 
model of an 18-m long hybrid concrete-FRP bridge 
superstructure. The results clearly indicate that the use of FRP 
in combination with concrete has led to stiffness enhancements 
of over 35%. 

Optimization is a very crucial process when dealing with 
FRP composites because of their high initial cost. Optimization 
methods can be generally classified in two categories, 

deterministic and probabilistic. Mathematical programming 
methods are most prevailing of the first category. Evolutionary 
algorithms are widely used class of probabilistic methods and 
in particular evolutionary programming, genetic algorithms and 
genetic programming.  Deterministic methods can be 
subdivided into two categories, classical solutions of 
constrained and unconstrained systems, and numerical search 
techniques. The classical tools are used for finding the maxima 
and minima of a function. In general, the numerical techniques 
start with an initial design and proceed in small steps intended 
to improve the value of the objective function. Structural 
optimization has been a topic of interest for over 100 years. As 
far back as 1890, Maxwell (1890) established some theorems 
related to rational design of structures, which were further 
generalized by Michell (1904). Schmit (1960) applied non-
linear programming to structural design. Another approach 
based on optimality criteria were introduced in the late 1960’s. 
Venkayya (1971) proposed an optimality criterion whereby the 
minimum-weight of structure is the one in which the strain 
energy density is constant throughout the structure. 

 
       Optimization of composite structures has gained a lot 
attention in recent years to reduce the cost and weight of such 
structures. Ply orientation, ply thickness, stacking sequence, 
and geometrical variables were usually used as design 
variables.  Several researchers investigated the optimum 
structural design of FRP structural systems. Fukunaga and 
Vanerplaats (1991) performed optimum minimum weight 
design of laminated composite panels under strength and 
displacement constraints. They used linear approximation for 
the stress components and displacement components; 
transformed design variables with respect to the layer angles 
were also introduced to reduce the nonlinearity between the 
strength constraints and the layer angles. He et al. (2003) 
investigated an approach using genetic algorithms to minimize 
the weight of structural components by simultaneously 
changing the cross sectional shape and ply orientation of the 
FRP laminates. Many researchers have applied optimization 
techniques to the design of composite structures based on 
mathematical programming methods or optimality criteria 
methods. Fukunaga (1991) optimized the structural strength by 
tailoring the layer orientation angle and layer thickness. Aref 
(1999) investigated an approach using the optimality criteria 
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method combined with the Ritz solution of the transformed 
plate to minimize the weight of FRP deck system by changing 
the layer thickness. Other researchers extended their studies to 
multi-objective optimization. For example, Adali et al. (1996) 
used the objective weighting method for the pre-buckling, 
buckling, and post-buckling optimization of laminated plates. 
Spallino et al. (2002) developed a multi-objective optimal 
design methodology based on evolution strategies and game 
theory approach. 

The optimality criterion is applied in this study to develop a 
preliminary optimization algorithm for the hybrid FRP-
concrete bridge superstructure system.  

II. OPTIMALITY CRITERIA FORMULATION 

 
Optimality criteria presented in this section was based on 

derivation by Venkayya (1989) and Khot (1981). The 
optimization problem takes the general form: 

 Minimize:        

  ( ) 1 2( , ,........., )nf x f x x x=   (1) 
     

 Subjected to the constraints:   
        gj(x) ≥ 0, j = 1, ........., nm        (2)                                                   

 hk = 0,            k = 1, ........., nl                (3)  
 

where f(x) is the objective function of n variables, gj are 
inequality constraints, nm is the number of inequality 
constraint; hk are the equality constraints, and nl is the number 
of equality constraints. 
The Kuhn-Tucker conditions (Venkayya, 1989; Khot, 1981) 
state the necessary conditions for a local minimum x* of the 

constrained problem using Lagrange multipliers
*
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*
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 , .... , λλ , 

that is: 

( )* 0 , g xj ≥                 j = 1, ......., nm (4) 
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The necessary condition for a local minimum of the 
optimization problem with a single constraint can be 
reformulated as 
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Now Eq.  8 above can be written as 
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               i = 1, ........, n (9) 

In the case of a nonlinear objective function or nonlinear 
constraints with respect to the design variables, an 
approximate value of the Lagrange multiplier can be obtained 
from 
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where η is a resizing parameter that controls the step size, and 
ei is the ratio of the sensitivity derivatives of the constraints 
and the objective function and cab be written as  

 ,i
i i

g fe
x x
∂ ∂

=
∂ ∂

  i = 1, ........., n  (12) 

This was based on imposing a condition on the constraint to 
be critical at the resized design (Haftka et al. 1990).When the 
objective function or constraint is nonlinear with respect to the 
design variables, a resizing scheme was required to change the 
size of the design variables until the objective function has 
converged. The resizing techniques adopted in this study can 
be written as 

 1( ) ,new old
i i ix x e ηλ=  i = 1, ........., n (13) 

The resizing steps were repeated until the objective function 
has converged. 
 

III. HYBRID FRP-CONCRETE BRIDGE SUPERSTRUCTURE 

SYSTEM 

 

In this study, the optimality criteria method presented in the 
previous section was employed to optimize a hybrid FRP-
concrete bridge superstructure previously developed by the 
author. The hybrid bridge superstructure system consists of 
trapezoidal FRP cell units surrounded by an FRP outer shell 
forming a bridge system. Each trapezoidal section consists of 
two layers of laminates: the inner tube laminate and the outer 
tube laminate. A thin layer of concrete is placed in the 
compression zone. Concrete is confined by GFRP laminates 
which provide protection from environmental exposure. 
Moreover, the concrete layers reduce the local deformation of 
the top surface of the bridge under concentrated loads. Webs of 
the box section were designed at an incline to reduce shear 
force between sections. According to Ashby (1990), thin 
walled box sections are the most efficient structural forms for 
beams. For this study, the bridge superstructure was designed 
as a simply-supported single span one-lane bridge with a span 
length of 18.3 m. Geometrical parameters of this bridge system 
were determined by detailed finite element analyses. FEA was 
used to verify the structural behavior of this hybrid bridge 
superstructure. Figure 1 shows a cross section of the hybrid 
bridge superstructure system. Advantages of this bridge 
superstructure include: (1) corrosion resistance; (2) initial cost 
reduction due to the effective use of concrete; (3) lightweight; 
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FIGURE 1 CROSS SECTION OF THE HYBRID FRP-CONCRETE 

SUPERSTRUCTURE (DIMENSION IN MM) 
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FIGURE 2 FLOW CHART FOR OPTIMIZATION PROCEDURE 

 

(4) reduction of local deformation under concentrated loads 
that is found to be a problem in all-composite bridges; and (5) 
high quality control and a short construction period due to pre-
fabrication. 

IV. OPTIMIZATION PROCEDURE FOR HYBRID FRP-CONCRETE 

BRIDGE SUPERSTRUCTURE SYSTEM 

One of the most important reasons for optimizing FRP 
composites is to reduce the structural weight. It was assumed 
herein that the cost is directly related to the weight of the 
bridge. Therefore, the weight of the hybrid bridge system was 
used in this study as the objective function with a modification 
to account for the difference in cost between concrete and 
GFRP. The weight of concrete was ignored in this study. 

The design variables of a hybrid-FRP bridge system 
include: bridge geometry, number of cells, ply orientation, 
stacking sequence, ply thickness, and concrete thickness. The 
design variables were limited in this study to the thickness of 
the plies in the inner, outer, and most outer tube laminates of 
the proposed bridge system; the other design variables have 
pre-assigned values. 

Design of a bridge system must be subjected to both 
stiffness and strength constraints based on the AASHTO 
specifications (2007). However, since the design of FRP bridge 
systems is stiffness-driven, a single constraint on the maximum 
vertical deflection was imposed. The deflection limitation 
suggested by AASHTO LRFD is  

  
800.

L
req =δ    (1) 

where L is the span of the bridge. 
 

The basic optimality criteria algorithm was implemented in 
a computer program to perform the optimization of the 
proposed hybrid systems. The flow chart in Fig. 2 summarizes 
the main steps presented in this section. 

V. NUMERICAL RESULTS 

The preliminary optimization procedure presented in the 
previous section was employed to optimize the hybrid- FRP 
bridge superstructure. Just the weight of the FRP composites 

was used as the objective function. The change in weight over 
the weight of the previous step was used to check for 
convergence for a specific tolerance. The tolerance used in this 
study is 0.0001. The rate of convergence depends on the 
parameter η. The value of η used in this study is 2. 

Following the AASHTO LRFD specifications, the bridge 
was subjected to design truck load when checking the 
serviceability limit of the bridge. The location of design truck 
load was arranged to obtain the maximum deflection. The 
impact load (IM) was applied to the truck design load and was 
taken as 33 % of design truck load in our case. The design 
variables were limited to the thickness of the plies in the inner, 
outer, and most outer tube laminates.  The optimization scheme 
reduced the weight of the superstructure by 35 % from the 
initial design. 
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VI. CONCLUSIONS 

 

One of the most important reasons for optimizing a hybrid 
bridge system is to reduce its initial cost. An optimization 
scheme based on the optimality criteria and a simplified 
analysis method using the transformed plate formulation to 
represent the structural system was implemented in this study. 
Since the design of hybrid bridge systems is stiffness-driven in 
this study, the maximum allowable deflection was used as a 
constraint in the optimization design procedure. In this study, 
we limited the design variables to the thickness of the plies in 
the inner, outer, and most outer tube laminates of the proposed 
bridge system. The optimization scheme reduced the weight of 
the hybrid superstructure by approximately 35 % from the 
initial design.  
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Abstract—Seismic vulnerability of current buildings in Bab El 

Oued district in Algiers (Algeria) is investigated in this paper. 

Buildings in this old part of the capital city are mostly made of 

unreinforced stone masonry. The information relating to the 

buildings in the surveyed area is statistically elaborated. 

Structural classification of buildings is carried out regarding 

their structural components. Vulnerability classes are attributed 

to the investigated buildings considering their structural 

characteristics, typologies and state of conservation. 

Vulnerability curves expressing the expected damage are also 

obtained.  

Keywords—damage; masonry buildings; seismic vulnerability; 

vulnerability curves.  

I.  INTRODUCTION  

Algiers, the capital city, is located in the central part of 

Northern Algeria. This region happens to be a region of 

moderate seismicity [1, 2]. This seismic activity results 

directly from the interaction between the African and Eurasian 

plates. Historically, not many large earthquakes occurred 

during the first part of the 20
th
 century as reported in the 

historical earthquake archives. During that period, many 

masonry buildings were constructed in Algiers. According to 

the functional requirements, existing construction materials 

(stone, adobe and brick) and technology, a wide variety of 

masonry buildings exist. Residential masonry buildings are 

frequently containing a commercial ground floor and 

residential apartments above [3, 4]. The number of stories 

varies from two to six (Fig. 1).  

The latest earthquake that affected Algeria and caused 

significant damage is the Zemmouri earthquake, on May 21st, 

2003. It struck the Algiers-Boumerdes region with a 

magnitude Mw=6.8.  Its epicenter was situated approximately 

60 km east of Algiers. In the oldest parts of Algiers, masonry 

buildings have shown poor performance during that 

earthquake [2, 4]. The reasons for this poor behavior are 

mainly related to the structural system of the buildings, the 

poor quality of materials, the construction process and the 

state of conservation. 

 
 

  
Fig. 1. (a) Masonry residential building in Bab El Oued district in Algiers  

(b) Rubble stone wall, (c) Typical stone masonry foundation 

The main purpose of this paper is to evaluate the physical 

vulnerability and damage of current buildings in Bab El Oued 

district. The vulnerability assessment is carried out according 

to the following parameters: (1) Inventoried buildings are 

classified into vulnerability classes, considering their 

typologies, structural characteristics and their state of 

preservation. (2) The expected damage, as a function of the 

assessed vulnerability, is expressed in terms of vulnerability 

curves. 

(a) 

(b) (c) 

39

mailto:yait50@yahoo.fr


II.  OBSERVED DAMAGE IN MASONRY BUILDINGS  

During Algerian earthquakes, masonry buildings 
performed no differently than has been observed in other past 
earthquakes in the world. Substantial damage and partial 
collapse were common. Unreinforced masonry has shown 
poor performance due to the lack of tensile strength and 
ductility [5]. Cracks occur in a brittle material due to 
earthquake force causing collapse. The following damages 
have been observed on masonry buildings during past 
Algerian earthquakes [2, 3]:  

 Horizontal cracks between walls and floors,  

 Vertical cracks at walls intersections,  

 Out of plane collapse of external walls,  

 Diagonal cracks in wall piers,  

 Partial or complete disintegration of walls,  

 Partial or complete collapse of the building (Fig. 2).  

Behavior of masonry buildings when subjected to seismic 
event is depending on how the walls and the floors are 
interconnected and anchored. In the majority of observed 
masonry buildings where the timber joist is not anchored to 
the masonry, walls tend to separate along their intersections 
causing vertical cracks. 

III. VULNERABILITY AND DAMAGE ASSESSMENT 

The European Macroseismic Scale, EMS-98 [6], considers 
seven typologies of masonry buildings varied in construction 
materials and technology. They are;  

(i) Unreinforced masonry buildings (rubble stone and 
fieldstone, adobe, simple stone, massive stone, unreinforced 
with manufactured stone units and unreinforced masonry with 
reinforced concrete floor).  

(ii) Reinforced or confined masonry buildings.  

Six classes of decreasing vulnerability are proposed by the 
scale (A to F) (Table 1). For each building type there is a line 
showing the most likely vulnerability class and also the 
probable range. 

Several methods are available for the seismic vulnerability 
evaluation and are essentially depending on the criteria used in 
the evaluation study and the scale of application. The use of 
methodologies for vulnerability assessment based on few 
parameters, such as the empirical methods including statistical 
analysis, are more practical in urban area when a large number 
of buildings is considered. Empirical methods for the seismic 
vulnerability assessment of buildings are essentially based on 
the damage observed after the past earthquakes. 

A conventional vulnerability index V has been introduced 
representing the belonging of a building to a vulnerability 
class [7]. The values of this index are arbitrary because they 
are scores to qualify the building behavior. The index value is 
ranging between 0 and 1, 1 for the most vulnerable buildings 
and 0 for the less vulnerable structures.  

        
Fig. 2.   Partial collapse of masonry building during Zemmouri 2003 

earthquake 

Table 1 shows the most probable value V0 for each 
vulnerability class and the corresponding vulnerability classes 
of masonry building typologies [7].  

The correlation between the seismic input and the expected 
damage, as a function of the assessed vulnerability, is 
expressed in terms of vulnerability curves described by a 
closed analytical function [7] given by (1).  
















 


Q

VI
D

1.1325.6
tanh15.2            (1)                            

Where; I is the macroseismic intensity, V and Q are, 
respectively, the vulnerability and the ductility index. In 
particular, for the ductility index, the value Q=2.3 resulting 
from the macroseismic approach has been maintained 
representing buildings not especially designed to have ductile 
behavior. µD represents the mean damage value of the discrete 
damage distribution; it ranges from 0 to 5. 

IV. CASE STUDY: BAB EL OUED DISTRICT 

Bab El Oued is one of the oldest districts of Algiers. It is 
situated along the coast north of the city centre (Fig. 3). It has 
an average surface of 1.21 km² and more than 61000 
inhabitants with a high density of 50000 inhabitants per km² 
according to the official statistics of 2008 (Office National des 
Statistiques) [8].  

TABLE I.  EMS-98 VULNERABILITY CLASSES FOR MASONRY BUILDINGS  

 

Building type 

 

V0 

Vulnerability 

classes 

A   B   C   D   E   F 

 

M1: Rubble stone, fieldstone 

M2: Adobe (earth brick) 

M3: simple stone 

M4: massive stone 

M5: unreinforced with manufactured 

M6: stone unreinforced with RC floors 

M7: Reinforced or confined 

0.873 

0.84 

0.74 

0.616 

0.74 

0.616 

0.451 
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 Bab el oued district

Bay of Algiers 

 

Fig. 3. Location of the surveyed area 

 

Fig. 5. Distribution of vulnerability classes into typologies M1 and M2 

711 current buildings in this district were investigated 
through visual observation and inventoried. Some buildings 
have a regular structural layout with thick walls distributed in 
both directions. Poor quality of mortar was used. For the 
majority of buildings that have been inspected, it was 
observed the systematic use of wood in structural elements of 
floors and roofs. Sometimes stone or brick vaults are found in 
the first ground floor. Brick masonry was also used, where 
structural layout is frequently irregular in this type [3, 4].  

The predominant buildings typology is the unreinforced 
stone masonry. They are constructions made with non worked 
stones and poor quality of mortar. Their resistance to 
horizontal forces is low. Their most probable vulnerability 
class is A according to the EMS-98 definitions. Simple stone 
are constructions in hewn or cleft worked stones. Large stones 
are used to connect the walls in the corners. These 
constructions have better resistance and their most probable 
vulnerability class is B. Constructions with massive stone 
(large squared stones) are rare, used in the construction of 
monuments. These buildings are resistant to horizontal 
actions, so, their most probable vulnerability class is C. For 
each investigated building, the following characteristics are 
considered: (1) Building type (house, building, precarious), (2) 
Building use (dwelling, educational…), (3) Age of building, 

   

Fig. 4. Buildings distribution according to the vulnerability classes 

 

Fig. 6. Vulnerability curves introducing the mean damage value for classes A 

and B 

(4) Number of floors, (5) Structural system, (6) Plan and 
vertical irregularity, (7) State of preservation.  

The analysis of the 711 inventoried buildings provides the 
following results: (1) 45% are vulnerability class A and 47% 
are class B (Fig. 4), (2) 79.7% are masonry buildings, 
containing two typologies; M1 typology, which characterizes 
unreinforced masonry residential buildings with 3 floors or 
less, and M2 typology which characterizes the same typology 
but with more than 3 floors. (3) The two typologies are classes 
A and B (Fig. 5). The vulnerability of each category is 
quantified by the distribution of its buildings in different 
vulnerability classes. These are defined by their vulnerability 
curves (Fig. 5).  

Using (1), the expected damage, as a function of the 
vulnerability index V for the vulnerability classes A and B and 
the macroseismic intensity I, is expressed in terms of 
vulnerability curves. Fig. 6 shows that for both vulnerability 
classes A and B, when I=10 (MMI: Modified Mercalli 
Intensity), the mean damage µD ≥ 4, corresponding to 80% of 
building damage. 
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V. FINAL REMARKS AND CONCLUSION 

To conduct vulnerability study of current buildings in 
Algiers, the district of Bab El Oued has been selected. 
Buildings in this old part of the capital city are mainly 
residential, made of unreinforced stone masonry, with a 
number of floors varying from 1 to 6. Field investigations 
revealed a large variation of construction materials and 
process. A majority of the investigated buildings are in poor 
state of conservation. Past earthquakes revealed the high 
vulnerability of stone masonry buildings, which caused high 
human and economic losses. The seismic vulnerability of 
masonry buildings is due to their heavy weight and essentially 
to the manner in which the walls have been built, 
interconnected and anchored at the floor and roof levels. If the 
quality of construction and materials is inadequate, damages 
of various degrees occur. The use of mixed structural units and 
systems, and poor quality of mortar are the main reasons for 
structural damage of masonry buildings. The study revealed 
that more than 70% of the buildings in the district are 
unreinforced masonry. According to the EMS-98 definitions 
90% of these buildings are class A and B, and, in case of 
stronger earthquake the damage will be high reaching 80%. 
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Abstract— Multivariable analysis contributes mainly to the 

scientific establishment of traditional approaches concerning the 

description, comprehension and projection of cities’ structure. 

Geographic Information Systems (GIS) technology has 

undoubtedly a crucial role in this process. The present paper 

focuses on the systematic retrieval and import to a GIS system as 

well as elaboration of data with regard to the urban 

characteristics of the Old Town of Xanthi, in Greece. The paper 

also includes the identification and evaluation of the 

aforementioned data with the combined use of Correspondence 

and Hierarchical Cluster Analysis. The application of the 

methods allowed for drawing complex results about the degree of 

differentiation or similarity of the prevailing conditions of the 

research area’s micro scale which are not revealed by traditional 

urban analysis. 

Keywords—Urban Planning, GIS, Multivariable Statistical 

Analysis, Correspondence and Hierarchical Cluster Analysis 

I.  INTRODUCTION  

The interpretation of the special social, economic and 
functional cities’ profile, as well as of their internal 
composition and operation may be the scope of multivariable 
classifications [1]. Multivariable analysis contributes mainly 
to the scientific establishment of traditional approaches 
concerning the description, comprehension and projection of 
cities’ structure and refers to the differentiation of individual 
characteristics of their regions, as basic components for 
creating urban space. Geographic Information Systems (GIS) 
technology has undoubtedly a crucial role in this process, by 
contributing to the acquisition, collection, updating, 
elaboration and illustration of the large data volume and also 
in supporting decision making through specialized 
applications [2] [3] [4] [5] [6].  

The present paper focuses on the systematic retrieval, 
import to a GIS system as well as elaboration of data with 
regard to the urban characteristics of the Old Town of Xanthi, 
which is a modern city of almost 60.000 inhabitants in 
Northern Greece. Moreover, the paper includes the 
identification and evaluation of the aforementioned data with 
the combined use of Correspondence and Hierarchical Cluster 
Analysis. 

The advantages of these methods, which have experienced 
rapid development mainly in France, after 1970, include the 
following: processing of large tables that contain 

heterogeneous data, elaboration of qualitative data, 
identification of the existence of both linear and non-linear 
relationships among variables, depending on the data used. 
Both methods are used in cases where the researchers’ 
objective is to reveal the secret structure of a dataset, without 
distinguishing the variables in dependent and independent and 
without the existence of strict a priori assumptions or 
conditions [7]. 

The application of the methods allowed for drawing 
complex results about the degree of differentiation or 
similarity of the prevailing conditions of the research area’s 
micro scale which are not revealed by traditional urban 
analysis. The use of the integrated GIS system improves the 
quality of research and gives the opportunity of constantly 
providing up to date information and monitoring the factors 
which play a key role in the implementation of development 
policies [8].  

II. AREA OF RESEARCH 

The Old Town of Xanthi is Located in the heart of modern 
Xanthi, one of the most important urban centers in the 
northern part of Greece, with nearly 60.000 inhabitants. The 
Old Town was founded in the middle of 19

th
 century and it is 

the first city centre, the creation of which was, almost 
exclusively, due to activities associated with tobacco 
cultivation, production and manufacturing. These activities 
have characterised, with their rise and fall the evolution of its 
physiognomy.  

Old Xanthi covers an area of 31 Ha, occupying 1/7 of the 
total city’s area. It extends along the foothills of Xanthi, 
bounded by a thick forest to the west, a river valley to the east 
and by the centre of the modern city to the south. The different 
ground grades, sharper in the northern part and smoother in 
the southern one, influence the form of the urban tissue and 
separate the settlement in areas. Narrow irregular streets 
define a variety of block shapes; some of them with 
continuous building facades and some with free-standing 
buildings intermingled with courtyards and gardens. Urban 
indexes such as lot size, property pattern, building heights and 
volumes, form a unique urban setting, which could not be 
duplicated by modern development.  

In the context of dynamic city’s development, the southern 
part of the Old Town is connected to the wider area of the 
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modern city’s centre, where a penetration trend by service and 
entertainment uses is reported; sometimes this is desirable but 
in some cases it causes deterioration of the settlement’s 
traditional character. For the aforementioned reason, a part of 
the modern city’s centre is also included in this research; the 
transition zone that surrounds every traditional core and where 
usually the majority of conflicts take place (Fig. 1).  

 

 

 

 

 

 

 

 

 

 

 

 

Fig. 1. Research area 

III. DATA CHOICE 

Qualitative and quantitative data recording was based on a 
primary, detailed fieldwork that took place in the context of 
the “Plan and Program for the reservation – restoration and 
growth of Old Town” [9]. Moreover, a sampling survey took 
place by distributing a questionnaire to a 10% of the total 
population for recording data concerning housing conditions 
as well as certain demographic and socioeconomic 
characteristics of the residents.  The full dataset resulting from 
this study was used to create an electronic database which 
served as feedback for a GIS system.  

The variables that were chosen for this specific application 
refer to the structure of the urban tissue (blocks’ shape and 
size), the built environment (existing coverage percentage, 
existing building coefficient), land use allocation and to some 
main characteristics of the population (change of households’ 
number and size). The land uses were grouped in general 
categories such as: residential, manufacturing, commercial, 
offices-administration-banks, education-welfare-culture-sports 
and entertainment – tourism. There are also some singular 
uses such as: empty residential property, empty store, building 
under construction or reconstruction, ruined building, 
auxiliary building, parking space. Data analysis and 
elaboration were performed using aggregation per land use 
category without taking into account their storey allocation.  

The research unit that was considered suitable for the 
purposes of this study is the block, because it is the cell of the 
organization, classification and differentiation of the 
characteristics of the settlement. The dimensions of the 
database (20x94) derived from the number 20 of the chosen 
variables and the number 94 of the analysis’ objects (blocks).  

IV. DATA ANALYSIS AND RESULTS 

The cartographic representation of several of the chosen 
variables through the production of thematic maps using GIS 
technology (ArcGIS) conducts a first approach of identifying 
the basic characteristics of the urban environment and 
contributes to achieving a complete overview of it (Fig. 2 - 7). 

PRAXITELIS program [10] is a software package which 
utilizes data analysis techniques and it is mostly oriented to 
the application of Multivariable Analysis methods. In this 
case, it is used to apply Correspondence and Hierarchical 
Cluster Analysis. The program can elaborate both qualitative 
and quantitative variables and provides the user with the 
potential to homogenize the data using many options and 
therefore the final dataset describes more closely the real 
situation of the phenomenon which it attempts to interpret.  

With the aid of Correspondence Analysis, a first 
identification of groups of interrelated variables takes place, 
while at the same time the data that are going to be used by the 
Hierarchical Cluster Analysis are prepared. The method leads 
to the creation of a series of explanatory factor axes which are 
extracted sequentially based on their importance and each one 
of them is represented by an eigenvalue, in proportion with its 
interpretative capacity. The program gives the opportunity to 
create graphs of the projection of objects or variables (or both) 
to one or more pairs of axes that are predefined by the user in 
order to examine the existing relationships or differences with 
respect to each pair. 

In this application, the participation of variables in the 
creation of the first three factor axes, which interpret a 
significant part of the requested information (35,235%), 
showed that the first factor correlates the entertainment with 
the personal services land use and the commercial with the 
manufacturing land use. The second factor indicates a 
correlation between the high building coefficient, the small 
blocks and the noteworthy decrease of households’ number, 
while the third factor shows that the low coverage with the 
low building coefficient are associated.  

Hierarchical Cluster Analysis groups the objects and 
variables in a limited number of homogeneous clusters. The 
program proceeds to the data elaboration and displays: a) the 
classification in the form of neighboring pairs (for each data 
pair the hierarchy nodes appear, with their corresponding 
weight and connection level) and b) the hierarchy in the form 
of a tree diagram where all different binding levels of data 
analysis are expressed. This specific application of the method 
revealed four distinct groups of variables that are analyzed in 
the following part (Fig. 8). 

 Group A includes small sized blocks, elongated or 
trapezoid, with low building coefficient and coverage 
and exclusively of residential use.  
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Fig. 2. Built environment 

 

 

 

 

 

 

 

 

 

 

 

 

Fig. 3. Ground floor use 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig. 4. Block shape 

 

 

 

 

 

 

 

 

 

Fig. 5. Average Coverage 

 

 

 

 

 

 

 

 

 

 

 

 

Fig. 6. Average Building Coefficient 

 

 

 

Fig. 7. Household size 
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      The majority of households have many members and 
the values of the demographic indexes are critical, 
possibly due to the fact that a part of the population is 
moving to other parts of the city, with the aim of 
finding better housing conditions. 

 Group B involves medium sized blocks, of triangular, 
square or circular shape with medium building 
coefficient and coverage. Residential use dominates 
this group as well, but not exclusively as in Group A; it 
is accompanied by low concentrations of other uses 
(mostly commercial stores, food stores and welfare 
facilities) around certain cores which form the basic 
local neighborhoods’ centres. The dominance of 
medium – sized households is evident, and so are the 
numerous auxiliary buildings next to the main 
residential ones. The demographical indexes appear to 
be constant. 

 Group C is characterized by blocks of large size and 
shapeless. Commercial activity is more intense within 
the boundaries of this group; there is also a significant 
number of ruined buildings and some small private 
parking spaces. 

 Group D includes blocks with high coverage and 
building coefficient which are not characterized by a 
specific shape or form. This group is home for several 
activities of the city centre, which have replaced 
residential uses. A concentration of administration, 
education and entertainment services is observed, and 
the manufacturing activities that are located in this 
group are directly associated with the commercial uses. 
The majority of households are of small size and the 
demographic indexes are particularly dynamic. 

The blocks of Group A are situated across the perimeter of 
the Old Town, mainly at its northern part and also at 
characteristic spots of its entry. The majority of Old Town’s 
area is occupied by blocks of Group B. The 5 local centres that 
are created have the following common characteristics: they 
are allocated either on principle road axes’ intersections either 
next to squares or in close proximity to public spaces or 
neighborhoods’ landmarks. The blocks which belong to Group 
C are mainly located at the southern part of the Old Town, 
where intense pressures for reconstruction and central 
commercial activities occur. Finally, the blocks of Group D 
are situated exclusively at the southeastern part of the research 
area, with clear boundaries. The transition zone belongs 
almost totally to this Group, while a linear penetration is 
visible on the surrounding southern entry of the Old Town. 

V. CONCLUSIONS 

 

The complexity and interaction of information issues 
posed by modern urban planning needs require the use of 
Geographical Information Systems technology and 
Multivariable Statistical Analysis. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig. 8. Blocks’ clustering 

 

In urban analysis, Multivariable methods contribute to the 
establishment of earlier approaches concerning the 
description, interpretation and prediction of urban centers’ 
urban structure. The relationships among the research’s 
objects are examined in terms of their homogeneity or 
heterogeneity, in terms of their hierarchical spatial 
organization or their general dependence on each other. 
Moreover, GIS technology is the core of an integrated 
environment of information, decision making and planning 
processes. The advantages and opportunities offered by this 
technology pose a challenge to the traditional institutional 
structures, functional roles and planning and management 
practices of the urban environment.  

In the present application this integration gave the 
opportunity for the:  

 Identification of the data which mark the local 
attributes  that create the microenvironments of 
the Old Town and define its character 

 Comprehension of the neighborhoods’ function 
and their relationship with the city centre 

 Emergence of the data which are significant for 
the final choices and of the correlations that 
contributed to the safe determination of the final 
proposals 

 Validation of separated activity domains of a 
potential intervention  
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Abstract— Cities are becoming increasingly popular as places 

for residence and work; more than half of the world’s population 

lives in urban areas. Demand for transportation infrastructure 

and services keeps increasing, and so are the costs; meanwhile 

public resources are becoming less and less available. It is about 

time to start considering thoroughly the role and importance of 

accessibility in creating sustainable financing mechanisms. This 

paper is part of a wider research still in progress and refers to an 

in depth analysis of the potential of using alternative financing 

strategies for transportation infrastructure, which are based on 

the concept of land value capture. The paper includes analysis of 

the idea behind value capture, the basic methods used, the 

implementation policies and some of the most representative case 

studies worldwide. It concludes that, if implemented carefully, 

value capture models can indeed be a robust financing 

alternative which could effectively support sustainable urban 

development.   

Keywords—Value Capture Finance, Accessibility, 

Transportation Infrastructure 

I.  INTRODUCTION  

Cities are becoming increasingly popular as places for 
residence and work; more than half of the world’s population 
lives in urban areas, especially in large urban centres but also 
in medium – sized cities. There are various reasons for this, 
and usually are associated with advantages such as wide 
access to jobs, opportunities, people and ideas [1]. UNFPA 
(United Nations Population Fund) has estimated that until 
2030 nearly 5 billion people will live in cities around the 
world. This projected growth creates huge responsibilities for 
governments worldwide under the objective of meeting the 
basic needs of their citizens (provision of water, energy and 
waste removal), as well as securing the transportation of 
people and goods. Even the wealthiest nations will struggle in 
order to find the financial and technical resources to deal with 
the massive infrastructure requirements [2].  

In order to be able to maintain their functionality and 
support further future growth, urban areas should examine the 
implementation of innovative infrastructure and land use 
concepts that enhance development and create a smart city 
towards the principles of sustainable development. The over – 
concentration of people and activities in cities can reach a 

point at which the disadvantages of living there exceed in 
number the benefits; this is reflected in urban mass transit 
systems as congestion is sometimes intolerable, especially 
during peak hours. Therefore, it is easy to realize that public 
transit is a key success factor for every city. However, 
although urban mass transit systems has a vital role to play in 
achieving and sustaining economic recovery, financing of 
transportation systems is strongly affected by the current 
economic climate [1], [3]. 

Transportation authorities are thus facing ongoing 
challenging nowadays. Demand for transportation 
infrastructure and services keeps increasing, and so are the 
capital and maintenance costs; meanwhile public resources are 
becoming less and less available. A huge gap is hence created 
between the urban transportation system’s requirements and 
the financing means existing to actually fulfill them. 
Transportation specialists worldwide are forced to think 
creatively in order to bridge the gap. They attempt to 
continuously find the best responses to the following questions 
[4]:  

 Would it be possible to provide more by using 
less in the transportation sector? 

 Are there any alternative financing strategies 
which could contribute in achieving the 
aforementioned objective? 

The global economic and credit crisis caused the 
deterioration of governments’ economic status. This poses an 
important challenge regarding programs which focus on the 
transportation sector. Transportation systems should become 
much more efficient in order to continue providing the same 
or even better quality of service with less money. Meanwhile, 
the competitive players of the global economy require an 
increasingly effective and efficient transportation network, 
capable of supporting the changing economy. It is about time 
to start considering thoroughly the role and importance of 
accessibility in creating sustainable financing mechanisms [5]. 

II. RESEARCH OBJECTIVES 

In this context, this paper is part of a wider research still in 
progress and refers to an in depth analysis of the potential of 
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using alternative financing strategies which are based on the 
concept of land value capture instead of traditional methods to 
finance transportation infrastructure. The research’s aims are 
multiple: it attempts to examine the best practices in this field 
worldwide, identify the strengths and weaknesses of the 
existing value capture strategies and suggest an evaluation 
framework for decision makers focusing on Greece, a country 
where this alternative solution for transportation finance is still 
quite unexplored and has not been implemented yet, not even 
in a limited scale for any project.  

A first approach is presented herein; initially, there is a 
brief note on the relationship between increased accessibility 
and land value, followed by the description of the notion and 
basic principles of value capture finance. The next section 
includes a description of the most widely used value capture 
financing methods and tools across the globe. Moreover, five 
representative and state of the art case studies worldwide, 
where value capture tools are currently used or have been used 
to finance large urban transit investments are analyzed. After 
that, a general policy outlook concerning the selection and 
implementation of the suitable value capture tool follows. The 
paper concludes with some general conclusions drawn and 
perspectives for future research.   

III.  VALUE CAPTURE FINANCE   

A. Accessibility and Land Value 

 
In the context of investment on transportation 

infrastructure, exploring alternative financing methods that are 
characterized by flexibility should be a continuous and 
essential target, especially within the current economic 
climate. The application of innovative financing tools based 
on land value to cities, reveals the strong potential of not only 
bridging the financial gap, but also delivering sustainable 
transportation services and enhancing the role of accessibility 
with regard to urban mass transit [6]. 

Between transportation systems and land market there is 
unquestionable interaction, which is interpreted through the 
concept of accessibility i.e. the ability to access activities and 
goods that are in demand [7]. Focusing on passenger transport, 
[8] define accessibility as “the extent to which land - use and 
transportation systems enable (groups of) individuals to reach 
activities or destinations by means of a (combination of) 
transport mode(s)”. Rich literature worldwide proves by 
multiple research examples that there is strong positive 
causality between increased accessibility and property values 
[9], [10], [11] (for an annotated bibliography see [12]). 
Transport infrastructure development may leverage land 
development and economic growth and this becomes an 
incentive for investing in large scale infrastructure [13], [14]. 

Fig. 1 presents the ways by which land and property value 
may change after the introduction of new urban transit. The 
impact of the new infrastructure starts to be increasingly 
visible after the intention of delivering the project is publicly 
revealed. The value of nearby properties rises continuously 
until reaching maximum when the project becomes 
operational. During the project’s life-cycle a further increase 

in values might be experienced, following service expansion 
or/and on – site stimulated urban development [15]. 

Fig. 1.  Transit Accessibilty Premium [15] 

B. Definition and Basic Principles 

 

Financing transportation infrastructure using Value 
Capture Finance (VCF – also met in the literature as Land 
Value Capture (LVC)) emerges as an alternative and 
innovative solution and perhaps its role has never been as 
crucial before. 

  The basic notion of value capture is quite simple; according 
to it, increases in land value that result from urban investments 
on infrastructure could be “captured” (partially or totally) in 
order to recover the capital costs of the investment or  reinvest 
in the area. Therefore, in the field of transportation, the term 
Value Capture Finance refers to a family of public finance 
mechanisms that raise funds in proportion to the increase in 
land value associated with new or improved transportation 
infrastructure and/or services. 

   There is a circular relation among development of 
transportation infrastructure, accessibility and value capture 
(Fig. 2). Transportation infrastructure creates accessibility, 
accessibility creates value, value can be captured to finance 
infrastructure and therefore create further accessibility and 
thus, value [5].  

Fig. 2.  The cycle among transportation infrastructure, accessibility and value 

capture [5] 
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Transportation systems’ stakeholders could be divided into 
direct and indirect beneficiaries. The former term refers to 
transit users who obviously benefit from the new 
infrastructure/service while the latter is used to describe 
individuals or groups (e.g. developers and land owners) whose 
benefits are not limited to improved transit. Value Capture has 
hence evolved into an umbrella term which includes a wide 
range of transportation financing mechanisms based on 
charging levies or fees on indirect beneficiaries [16]. This is 
the so – called “benefit principle”, according to which, 
whoever benefits from a specific service or infrastructure 
should pay for it.  

One of VCF’s basic strengths is that the use of the project 
after it has been developed can beneficially impact on all 
stakeholders involved. Moreover, it forces all stakeholders in a 
transportation project to “think big and rationally”: i.e. to 
consider the life – cycle of the project instead of only the next 
election period [17], [18].  Generally, financing programs 
based on Value Capture have the potential to become win - 
win strategies that promote economic, social and 
environmental welfare and thus their application should be 
encouraged and new relevant practices should be constantly 
arising [19]. 

C. Main Value Capture Methods and Tools 

 

There are numerous variations of financial instruments 
based on the notion of Value Capture worldwide. The 
categorization of them is not an elementary task due to the fact 
that often different terminology is used in different 
countries/regions and by different researchers to describe very 
similar or even identical methods. Therefore, a strict 
categorization would not serve a specific purpose; value 
capture methods’ names are flexible and so is their content 
and usefulness.  

In the context of urban mass transit systems, three main 
methods can be observed [6]: 

 Betterment tax: a special tax which is levied on 
properties which benefit from increased 
accessibility  

 Accessibility Increment Contribution (AIC): an 
economic development incentive package 

 Joint development: cooperation between public 
sector and private developers 

Betterment tax (also known as “benefit assessment”) on 
the properties which experience a rise in their value often (but 
not always, as we will see on a London’s case study later on) 
is applied within a specific geographical zone which is met in 
the literature with the following terms: Special Assessment 
District (SAD), Benefit Assessment District (BAD) or Local 
Improvement District (LID). Property owners within the 
zone’s boundaries pay an additional tax during the 
implementation period of this value capture method. A basic 
attribute of these areas is that they usually require to be 
approved (by voting) by the majority of land owners before 
the can be introduced [15]. Moreover, betterment tax could 

motivate urban growth of higher density, as land speculation 
by private investors is avoided [6]. 

As it is usually complicated to determine the exact 
“influence radius” of a transportation project, it could be 
argued that defining the boundaries of the assessment district 
is a procedure with an inherent degree of arbitrariness [20]. 
Ideally, the tax levied to each property should be calculated 
separated, after examining the expected benefit from the 
infrastructure, in order to ensure that the two amounts are 
equivalent [21]. This is of course very complex and as a result 
extremely difficult to be implemented in real life.  

The basic idea behind the use of AIC as a value capture 
tool to finance transportation infrastructure is to provide 
incentives to private parties to invest on specially designed 
areas, under the objective that the taxes paid there will be used 
to finance the development or redevelopment of that area [6]. 
Perhaps the most popular tool that lies under this category is 
Tax Increment Financing (TIF) and it is widely applied in the 
USA, where it has its origins (in California, 1952).  

The term TIF refers to a financial instrument that attempts 
to remove physical blight and encourage economic 
development. Its implementation includes the creation of a 
geographical district, where the tax base (i.e. the property 
values) is “frozen” for a long period of time, usually 10 to 25 
years, under the assumption that the area would not develop 
but for the planned intervention and therefore the creation of 
the TIF district (known as the “but for” requirement) [21]. 

As investments begin to take place within the TIF area, 
property values increase, and so is the tax revenue. The new 
property tax minus the tax on the frozen property values (tax 
increment) is collected by the TIF authority and used either to 
repay the capital costs of the investments or to support further 
development (Fig. 3). The percentage of contribution of TIF 
mechanism to the total cost of a transportation projects varies; 
it could start from 15% and reach 50% in some cases [20], 
[21]. 

 

  

 

Fig. 3.  TIF districts’ function [22] 

 
   Almost every State in the US (49 out of 50 – only 

exception is Arizona) has a legal framework that enables and 
supports TIF, and there are many examples of TIF 
implementation across the country, most of which are 
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considered successful. However, a more skeptical approach 
has risen lately among researchers, based on the argument that 
TIF might trigger favoritism between governments and certain 
large developers and that a wide portion of the tax base is 
exempted from general taxation for a noteworthy period of 
time. Furthermore, the criteria used to characterize an area as 
“blighted” are not always objective [23], [24]. 

   Joint development involves cooperation between public 
and private entities to develop an urban project under TOD 
principles; usually a public transport authority and a real estate 
developer. From the public authority’s perspective, the aim is 
to increase revenue and/or the use of public transport. The 
basic principles of this method are that the private entity is 
responsible of compensating the public entity though 
payments or cost sharing agreements and that all parties are 
involved in the process voluntary, although the result is a 
legally binding agreement.  

 
  The method became popular in the USA during early 

1980’s, when 10 new rail systems were financed by the use of 
it. Nevertheless, it is not used as widely as TIF; some States 
prohibit by law the involvement of transit agencies in 
activities related to land use and real estate development. One 
of the main advantages of joint development is that it does not 
require identifying the direct and indirect impact of the 
transportation infrastructure in order to be implemented, as in 
the case of betterment tax and AIC [6], [21], [25].  

D. Case Studies 

 
In this section, five examples of the implementation of 

different value capture mechanisms are presented. Four of 
them are located in the United States, and the last one in 
London, UK. The criteria for selecting these case studies were 
the novelty of approach, the different mechanisms used, the 
project scale (large scale projects with a great impact on the 
cities where they are situated were chosen) and the time 
framework; four out of five are ongoing projects at the 
moments this paper is written (2014) and therefore the 
economic crisis and the financing gap described at the 
introduction part of this paper is not a theoretical problem to 
deal with but a real one that should be overcome. The success 
or not of financing transit through value capture is hence 
tested in practice and interesting results can be drawn. 

 Denver Union Station Redevelopment Project, 

Colorado, USA 

 
Denver Union Station (DUS) Redevelopment project is an 

ongoing large scale project in Colorado, USA which includes 
radical renovation of the existing railway station of the city, in 
combination with an ambitious transportation program, 
FasTracks. The basic components of this program, one of the 
largest transportation programs currently in the USA, involves 
197km of rail and light rail tracks, 29km of BRT and 21.000 
parking spaces. The total costs are estimated to $7b. Within 
this context, DUS portfolio reaches $500m. A significant part 
of this amount is planned to be covered by the use of a value 
capture mechanism, and more specifically by a TIF district 

that was created to cover 20 acres around the station for 30 
years. A portion of the collected tax increment revenue will be 
used to repay the original capital investment while another one 
will be used as leverage for future development. 

More precisely, it is estimated that $145,6m of the TIF 
revenue will be directed to TIFIA (Transportation 
Infrastructure Finance and Innovation Act), while the rest 
$155m will be used by RRIF (Railroad Rehabilitation and 
Improvement Financing). This financing structure is unique as 
it is the first time that the Department of Transport (DoT) has 
combined the two aforementioned financing programs for just 
one project. The station is planned to open for public in July 
2014 and all transport interventions are estimated to be 
completed until 2020 (Fig. 4) [26], [27]. 

 

 

 

 

 

 

 

 

Fig. 4. Denver Union Station – Construction phase and future image [28] 

 Atlanta Beltline Project, Georgia, USA 

 
Under the objective of relieving the intense problem of 

traffic congestion and increasing the quality of life of its 
citizens, Atlanta’s Council approved in 2005 a project of $2,8b 
and of about 6.500 acres that includes a wide rail transit 
network, creation of urban green spaces and  community 
housing. More than 50% of the project’s financing ($1,7b) is 
estimated to be collected through value capture by the creation 
of a TAD (Tax Allocation District) for 25 years (starting in 
2005). It is a TIF application; in Atlanta region the two terms 
are used interchangeably. TAD boundaries were set so as the 
majority of included properties are abandoned or misused 
industrial buildings and not residential. Atlanta Beltline 
Project is a great example of how value capture mechanisms 
can be used for financing a noteworthy part of the costs of a 
major transportation project (Fig. 5) [26], [29], [30]. 

Fig. 5. Beltline’s TAD, map of the area and future development [28] 
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 Washington DC Metro expansion to Dulles Airport, 

Virginia, USA 

 
One the largest transportation projects still in progress in 

the USA that is partly financed through value capture is the 
37km expansion of Washington’s Metrorail system to Dulles 
airport, with a total estimated cost of $5,2b, in two phases. 
Dulles Corridor area includes, except from the airport, 
Virginia’s biggest commercial and business centre, Tysons 
Corner. Phase one of the new line which is going to be called 
the “Silver line” is expected to finish in 2014, followed by the 
kick-start of the second phase.  

Dulles Rail Transit Improvement District was created, 
within the limits of which property owners are charged a 
special assessment. This district is planned to be extended 
during phase two of the project. Estimations for the revenue 
collected through the special assessment during phase one 
show $400m (nearly 15% of total costs) and the revenue will 
become higher during phase two, reaching the amount of 
$747m (Fig. 6) [26], [15], [31]. 

Fig. 6.  Dulles Rail Transit Improvement District and Dulles Metrorail Map 

[15], [31]  

 Portland’s Cascade Station and Light Rail to PDX 

airport, Oregon, USA 

 
This is the only one of the case studies included in this 

paper that is already completed over 10 years ago, but is it a 
particularly interesting example due to the fact that a 
combination of value capture tools was used covering part of 
its construction costs: joint development and TIF. It is worth 
mentioning that Portland Max Red Line was completed 10 
years prior to the expected date, because of the innovative 
financial program that was used. 

 Back in 1997, the project was struggling to survive due to 
financial difficulties and lack of resources. It was at that 
crucial point when a private developer, Bechtel Enterprises, 
suggested to Portland’s Council and Transportation Authority 
to cooperatively finance the project. Two years of negotiations 
followed, which reached to the launch of a $125m joint 
development program. Bechtel’s contribution in the financing 
was $28,2m, and as return it was given the right to develop 
120 acres around Cascade station for 85 years, without the 
obligation of paying rent to the city.  

Moreover, Cascade station is located in the boundaries of 
the “Airport Way Urban Renewal Area” which functions as a 
TIF area. This area was designed and is in use from 1986; 
therefore the collected revenue was used by Portland’s 
Council for financing the project. The line was given to public 

in 2001, and although the projections for new jobs and 
economic development in the area have not been fully 
realized, the project is still considered very successful for the 
city of Portland (Fig. 7) [32]. 

Fig. 7. Cascade station [28], [33], [34] 

 London Crossrail Project, UK 
 

Crossrail is a new project that will develop a high 
frequency rail corridor across London. Once completed in 
2018-19, the link is expected to add 10% to London rail 
capacity. By 2026, Crossrail is presumed to generate £1.24b 
annually for the London economy. The expected cost of the 
whole project is £14,8b, £4,1b of which will be covered by the 
Greater London Authority (GLA) through the Business Rate 
Supplement (BRS) a fiscal method based on the concept of 
land value finance (betterment tax). 

The BRS will be applied to all 32 London Boroughs and 
the Common Council of the City of London and is 
implemented on all non-domestic properties with a rateable 
value above £55.000. The BRS rate is 2%, flat for all 
properties liable to it. It was introduced in 2010 with a 
chargeable period of 24 to 31 years. Over the expected 
lifetime of the Crossrail BRS, it is estimated that the total 
revenue from it will be £8,094b (Fig. 8) [35]. 

It is worth mentioning that a research conducted by [36] 
criticized the current GLA’s BRS scheme for the flat tax used 
and proposed an alternative financing strategy with the use of 
tiered, distance – based taxation both on non – domestic, and 
residential properties which, according to the authors, has 
proved to be financially viable, even more efficient than the 
existing one in terms of incorporated equity etc.  

Fig. 8. Crossrail Project in London [36] 
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IV. SELECTION AND IMPLEMENTATION OF VCF TOOLS: 

POLICY OUTLOOK 

 

Obviously, there is no indisputably “best” way of 
successfully selecting and implementing a value capture 
mechanism. Socio – economic conditions, local 
differentiations as well as timing have a key role in the final 
decision. Generally, all the approaches that are based on the 
concept of value capture could be applied successfully only 
providing that they will be comprehended and accepted by the 
citizens. This acceptance requires healthy, fair and transparent 
administration and public participation in critical decision 
making. Furthermore, local authorities should set clear 
objectives about the policy they intend to follow; whether they 
want to focus on a specific investment’s cost recovery or use 
value capture in a wider framework of urban redevelopment 
strategies aiming to support the recovery of the economy 
towards the principles of sustainable development [37]. 

According to [4], value capture programs should be 
structured so as not to impede TOD; the taxes ought not to be 
very high and it is probably preferable to postpone tax 
collection for a few years, to allow for a clearly perceived 
increase in accessibility and thus, values. The same research 
proposes the following eight criteria in order to evaluate the 
effectiveness of a value capture mechanism: potential revenue, 
predictability and stability, horizontal and vertical equity, 
travel impacts, strategic development objectives, public 
acceptance, ease of implementation and legal status. 

Another research conducted by [25], suggests that public 
acceptance of a VCF tool is more likely to take place when 
clear and detailed explanation concerning the necessity of its 
implementation is provided by the authority(ies) responsible 
for its introduction and also when the special taxation for the 
financing of a particular infrastructure is combined with 
reductions in overall taxation. 

A stepwise approach is considered by [6] as an effective 
way to support decision makers who try to make the best 
choice of value capture mechanism. This approach includes: 
focusing on ways to increase accessibility when making a 
transportation investment, existence of a supporting planning 
and fiscal urban framework, multi-sector stakeholder 
involvement and commitment to common targets and 
continuous monitoring in short-term and long-term basis.  

Ten key success factors for the use of value capture 
methods are identified by [27], the most important of which 
are:  

 Creation of a robust “shared vision” which all 
stakeholders would be willing to support and promote, 
setting trust as its underpinning basic value.  

 Existence of a long-term plan and a stable governance 
framework; ensure cohesion and consistency in the 
program’s leadership regardless potential changes in 
political scene. 

 

  Smart selection of the implementation area in order to 
eliminate obstacles by plan’s opponents. 

 

 

Fig. 9. Project cycle and Value Capture Opportunities [19] 

 

An overall idea about the steps that should be followed 
when considering the implementation of a value capture 
strategy can be drawn by the diagram of Fig. 9.  

 

V. CONCLUSIONS AND PERSPECTIVES 

 
The complexity of modern urban needs and the limited 

availability of financial resources, have led transportation 
authorities’ worldwide to think creatively, and examine 
alternative financing schemes.  Value Capture Finance 
emerges as a robust solution for transportation investments, 
but only in case their application is careful and adapted to the  
needs of each region, as local circumstances have an important 
role in the success (or not) of a VCF program. Other factors 
that have proven to be significant are the existence of a 
supporting and enabling legal and urban framework and the 
engagement of all involved stakeholders. The case studies’ 
analysis has shown that some of the most ambitious and large-
scale transportation projects currently (2014) under 
construction in the US and UK are partially financed through a 
value capture program. The research is planned to continue 
with the examination of the ways by which a financing 
strategy based on value capture finance can be adapted and 
sustainably implemented to the Greek environment.  
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Abstract— The Great Mosque of Kairouan has experienced 

numerous studies while others masjeds of Medina did not know 

an interest. Thus, studies granted to these buildings have 

highlighted the historical origin of this architecture, its genesis 

and growth patterns. But the morphological peculiarities are 

ignored or suggested superficially. In this research, we focus on 

the study of mosques in parts of the intramural portion of the 

medina of Kairouan. Through the method of analytical 

morphology, we tried to characterize the intrinsic properties of 

these conformations and then compare them with extrinsic 

properties. After this work, the morphological analysis allowed 

us to identify patterns and changes in forms and define identity 

classes masjeds through different structural models. These 

structural variations may be the results of several extrinsic 

influences. 

Keywords— Masjed; Medina of Kairouan; morphological 

analysis; model . 

I.  INTRODUCTION  

     Kairouan was nicknamed the city "to three hundred 

mosques." Despite numerous reallocations or disappearance of 

many of these places of worship (they are only 66 currently, 4 

mosques and 62 masjeds). Medina of Kairouan is full of old 

small mosques in neighborhoods bearing the names of their 

original founders.  

This type of buildings comes from a traditional architectural 

expertise. Hence the need to identify logical conformation and 

organization of these buildings and to identify traits that give 

them their identity and composition ratios that predispose this 

architecture. 

Moreover, modeling of the production system of traditional 

architectural forms can leverage the expertise and discover the 

architectural principles of the striking originality of these 

buildings. Thus the planned results can provide a working 

basis for policy makers, designers and researchers. 

In addition, our study aims to highlight the morphological 

characteristics of these mosques, studying the traits related to 

the structure and internal divisions of these mosques and 

trying to understand the combinatorial systems that govern 

these forms; in order to understand a historical model and 

highlight its main features. We propose in this article to 

explore, using the method of morphological analysis, 

architecture masjeds of the medina of Kairouan and answer 

the question: What are the morphological identities of these 

mosques? 

II. COMPONENTS OF MASJED  

     Mosques without minbar or "Masjed" is usually a small 

mosque (sometimes a simple piece) neighborhood which is 

not appropriate for Friday prayers but for the five daily 

prayers. 

The Prophet's house is a reference that helped define the first 

components of the mosque. Other elements are imposed by the 

use, even if they were not mandatory. So, plan a masjed is 

relatively simple and most often it contains the following 

components: 

 

A. The prayer room: 

     This is a covered area where Muslim believers meet for the 

collective prayer led by an Imam. Believers must enter the 

prayer room barefoot. They pray kneeling toward Mecca, the 

direction of Qibla wall at the back of the room. The main 

elements of the prayer room of masjed are the qibla wall and 

the mihrab. 

• wall of the qibla: The Qibla is the direction of Mecca, toward 

which Muslims turn to pray. In mosques, Qibla wall indicates 

that direction. 

• The mihrab: The mihrab is a hollow carved into the wall of 

the qibla. It is the most sacred place of the mosque, which 

indicates the direction of Mecca and symbolizes the place 

where the Prophet Mohamed settled to pray. Mihrabs of 

masjeds are often quite simple and do not have decorations. 

B. Court : 

     It is a small patio open often juxtaposed to the prayer room. 

It allows extending the area of prayer, and some over the 

masjeds contain mihrabs. 

C. Gallery : 

     It's in some masjeds along the yard of one or both sides, 

punctuated by columns or pillars on which stood a few arches. 

D. Minaret : 

     This is the top of the tower where a man, the muezzin, calls 

the faithful Muslims to prayer five times a day. 
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E. Ablution room : 

     Before prayer, Muslims must purify themselves by 

ablutions through wells (water tanks) located in this room or 

sometimes in the yard. 

 

    Whatever the components masjeds, they are "places of 

special meeting of the community."[1]. Thus, the necessary 

conditions for the creation of a masjed are taking the direction 

of the qibla and room to easily follow the direction of prayer 

by the Imam. 

 

III. CHOICE OF CORPUS 

The corpus consists of 58 masjeds belonging to the 
intramural portion of the Medina of Kairouan “fig. 1”. 
The corpus “fig. 2” must be homogeneous, representative and 
controllable. 

A.  Homogeneous 

Specimens in our collection, by definition, they all have 
the same nominal identity. Indeed, the homogeneity of our 
corpus lies in cultural identity. In our case, it is a religious 
architecture where all specimens belong to a specific 
geographical area (Kairouan Medina), this implies a temporal 
homogeneity. "An isolate geographically and culturally 
exceptional” [2]. 

B. Representative 

      The choice of corpus ensures that the study sample must 

be large enough and most representative to the objects of the 

study. To ensure representativeness, we tried to take all 

masjeds intramural (which are 61 masjeds 3 are inaccessible). 

C.  Controllable 

The collection consists of 58 masjeds. We propose in this 
study, to not diversify materials and limiting morphological 
analysis to plans. 

 

 

Fig. 1: Location of masjids in the medina of Kairouan  
Source: Map with a personal treatment 

 

 

 
Fig. 2: Examples of masjids of the medina of Kairouan  

Source: photos and personal statements 

 

 

IV. MORPHOLOGICAL ANALYSIS 

"Morphological analysis is to decompose the architectural 
object-side segments, following manifests and repairable parts 
discontinuities in order to facilitate the description. 
Decomposition can continue to result in non-decomposable 
elementary segments. Comparing counterparts separate 
specimens having the same nominal identity segments, will 
establish classes of specimens that satisfy the same basic 
structure. " [3]. 

  

 

58



Stages of morphological analysis:  

• Analytical decomposition.  

• Objectification of analytical decomposition by comparing 

multiple specimens.  

• Construction of a model of morphological structure.  

• Develop a catalog of basic shapes.  

• Processing of the results of the analysis. 
 

A. Analytical decomposition 

       We begin by identifying the physical and visual limits of 

global forms are the lysis or apparent discontinuities. 

Segments are all definable because they are defined and 

perceived boundaries (discontinuities form the boundaries 

between adjacent segments). We admit that the assumptions of 

segmentation are all the possibilities or contingencies to 

decompose conformation of masjeds in pregnant segments. 

Thus, for each masjed are required several alternative of 

fragmentation “fig. 3”. The control operation is needed to 

validate the choice of the most appropriate segmentation 

hypothesis through the tool of comparison. 

 

 

         

Fig. 3: Variants masjeds segmentation of the medina of Kairouan 

B. Analytical modeling of the morphological structure 

      The control operation of the segmentation hypothesis by 

comparing and observation of recurrences allows establishing 

equivalence relations or homology position between segments 

of different specimens. "This homology should be defined as 

closely as possible as a relationship of bijective 

correspondence from one specimen to another, segment by 

segment, between each segment of different specimens. »[4]. 

 

      Thereafter, for each specimen of masjeds studied we will 

choose the morphological decomposition that contains 

homologies constitution compared to other specimens. 

Decomposition chosen is the assumption of the most relevant 

segmentation that contains pervasively present discontinuities. 

"Only are morphologically similar objects where the stability 

of relations between segments is evident from one specimen to 

another, even between the whole and its segments" [5]. 

 

     Therefore, for comparison, the objects must have the same 

structure (same spatial arrangement manifest distinct parts, the 

stability of position); otherwise we reorganize our initial 

collection into several subsets of the same structure so as to 

have a structure per subset. 

      We present below “Table 1”, a color coding for 

homologous segments specifying their positions and roles for 

a better reading of decompositions used for the different 

specimens. 

TABLE 1 

 

 

segment  
color position role 

A 

 
 Above "B" Main element covered 

B 

 
 Below "A" 

Main element 

discovered 

C 

 
 

On the left of  

"A" and 

above "E" 

Element on the left 

(first position) 

D 

 
 

On the right 

of "A" and 

above "F" 

Element on the right 

(first position) 

E 

 
 

On the left of 

"B" and 

below "C" 

Element on the left 

(second position) 

F 

 
 

On the right 

of "B" and 

below "D" 

Element on the right 

(second position) 

G 

 
 Below « B » Element below 

H 

 
 Above « A » Element top 

 

TABLE 1: Table color coding segments with presentation of the position and role 

 

      Control of assumptions segmentation is done by 

comparing and observation of recurrences. Equivalence 

relations are marked by the mechanisms of visual perception 

through "repeated observations, by which the initial perceptual 
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assimilation gradually give way to logical operations" [6]. We 

consider that two or more segments are homologous if they 

obey between them to the rule of stability called positional 

relationships “fig. 4”. 

 

 

 
Fig.  4: The decomposition of selected specimens 

 

      According to the records of Figure 4 we can identify the 

structural model “fig. 5” of mosques neighborhoods plans 

located in the intramural portion of the medina of Kairouan. 

 

 

Fig. 5: Structural model of the plane of masjed 

C. Treatment of morphological data 

     In order to reach the model we proceed to the 

objectification of research using a statistical software (module 

that is associated with the interactive Matlab calculation 

software. It allows to perform numerical simulations based on 

algorithms of numerical analysis). We focus in this section at 

treatment of morphological data segmentation previously 

developed. 

 

We prepare an array attribute / object where each line 

corresponds to a specimen and each column corresponds to a 

segment. We note "1" if the segment is present, if not we note 

"0". This table will serve as a background on what the 

software  method for processing inputs. The reclassification of 

this table is using the software for data processing which is 

capable of permutations of columns and rows according to 

frequency. Thereafter, the software processing seriation gives 

us another aspect of the objective results. In fact, this software 

shall classify digits 0 and 1 by seriation of rows and columns. 

The result is a graph class the corresponding entries into 

families and a second table with the new order of specimens 

and attributes “Fig. 6”. 

 

Seriation results: 

 

 
               

Fig. 6: treatment result of seriation 

Family FI 
Family FII 

Family FIII 
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     The graph and the measurement curves present three major 

families of specimens. Each of these families is likely to a 

second level of division in more homogeneous families. 

D. Objectification of the segmentation and identification of 

structural models 

     The collection of our study is not homogeneous in terms of 

morphological structure but has homologies position reflecting 

a convergence. Thus, the specimens are divided into 

subfamilies that form a homogeneous despite internal 

distinctive heterogeneous “fig. 7”. 

 

 
Fig. 7: Overview of the different structural models 

 

     These structural models are the background and basis for 

the development of changes in forms of different specimens. 

 

 

V. EXTRINSIC EXPLANATION 

 

     The classification provides a set of variants based 

relationships between segments. To understand these 

morphological variants we propose to bring extrinsic fact, 

through which we could obtain explanations by relating 

morphological knowledge with knowledge of another order. 

 

Families’ masjeds positions relative to their neighborhoods: 

 

     We propose to study the report of specimens of each family 

with their neighborhoods. Thus, we represent each specimen 

in his islet “fig. 8”. The demarcation of islets is made on the 

basis of material and spatial continuity. Indeed, the islets are 

the pieces of the solid urban (buildings) separated by empty 

urban (squares, squares, streets, alleys and dead ends). 

 

 
 

 
 

 
Fig. 8: Positions of specimens of each family in their islets 
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      The masjeds generally occupy peripheral positions in their 

islets in order to protect the privacy of other buildings and to 

ensure better visibility. They usually overlook streets or alleys 

to ensure better accessibility to people of neighborhoods. 

 

VI. CONCLUSION 

     In this paper we proposed a method of morphological 

analysis applied to the architecture of masjeds of the medina 

of Kairouan to release the identity morphological 

characteristics resulting from the correlation established 

between these forms obtained from a traditional architectural 

knowledge and historic environment, and social urban in order 

to provide for researchers, teachers and students needed to 

study this kind of buildings, assumptions about the 

organization of architectural space in these masjeds logic. 

 

     Thus, morphological analysis has allowed us to 

systematically explore all possible through several 

segmentation hypothesis combinations. These assumptions 

prove by identifying discontinuities evident. To confirm the 

selection of the most appropriate variant, control operation is 

necessary through the tool of the comparison. This is a 

delicate operation and requires a structured reflection. 

Therefore, we used combinatorial states to achieve the optimal 

or appropriate solution. The segmentation hypothesis chosen 

for each specimen will give us a catalog of basic shapes of 

each segment. Thereafter, we proceeded to the objectification 

of the search through the tool information processing BSK to 

generate structural models and classes of objective forms. 

 

     The classification system has allowed us to identify three 

main families of masjeds which have a certain convergence 

despite their structural differences. Comparing them with 

extrinsic data, we found that these masjeds generally occupy 

peripheral positions in relation to their islets to protect the 

privacy of other buildings and to ensure better visibility. In 

addition, they usually overlook streets or alleys to ensure 

better accessibility to people of neighborhoods. 
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Abstract— One of the most challenging issues in geotechnic 
engineering is injection. This paper intends to model injection 
due to micropile installation in saturated sandy soil, using finite 
element code (FEM) and then compare the results of the program 
with the results of site investigations. Finally the model was 
developed by some changes in spacing/micropile diameter (3m, 
1.6m and 0.8m) and injection pressure (1cm, 2.5cm, 5cm, 10cm 
and 15cm). The outcome of these endeavour is expressed in the 
form of graghs based on relative density to compare with the 
relative densities of standard penetration test (SPT) results. 
Results show that by increasing injection pressure (boundry 
displacement), more modification takes place and what far 
micropiles are, modification requires more pressure to be 
applied. Also, the results of computer simulation and site 
investigations seems to be in a good agreement together. Because 
the evaluation of bearing capacity and settlement specification of 
soils requires some SPT data from every depth, and this process 
is too costly to do for medium projects, numerical modeling can 
be a useful method to lessen the costs of a project performance. 

Keywords— numerical simulation, sand, micropile, injection 

I.  INTRODUCTION 

Micropile is a multipurpose system combined two kind of 
improvement (stabilization and reinforcement) togheter. This 
system is very effective in many applications of modification 
to increase the bearing capacity and decrease the settlement in 
retrofitting existing foundations and stabilizing slopes by 
supplying lateral strength. Micropiles are used in some cases 
that ground has small mechanical strength or the amount of 
clay or silt or soft sand and every organic material is too high 
to construct classic and ordinary foundations.  

Design methodology and implementation of this technique 
are described in FHWA-NHI-05-039 (2005) [1]. Specifications 
of micropile materials have given in ASTM-C150 [2] for 
Portland cement, ASTM-C595 [3] for slurry cement and 
ASTM-A615 [4] for rebars. Most of the researches on 
micropile accords to modification of gravitational bearing 
capacity and controlling settlement  [5-13]. This led to 
definition of problem, whether the piles was loaded directly or 
indirectly considering group effect. In two past years the 
lateral strength of micropiles mobilized to supply stability of 

slopes have been investigated [14-21]. There are maximum 
and minimum space between micropiles to realize the single or 
group function of them. According to FHWA, for pressure 
grouted micropiles (type B, C and D) typical grouted diameter 
of 200 mm and minimum spacing of 0.75 m to 1 m is 
recomanded. D.A. Bruce et al. (2004) declared maximum and 
minimum space between micropiles for in line pattern are 
respectively 6d to 7d and 3d where d is the diameter of micro 
pile [22]. Whereas Jim Sheahan (2009) states minimum 
spacing of micropiles is 30 inches or 3d, whichever is greater 
[23]. Two concept of design influence micropiles spacing. one 
is improvement of bearing capacity and settlement and the 
other is slope stabilization. As long as the goal of design 
originates from type 1, micropile designs as a single pile 
however work in group. When designer concentrates on slope 
stabilization, group function of micropiles should be 
considered. Frictional resistance in micropile-soil interface and 
associated group of micropiles are the main mechanism of 
improvement. Few researches are available from recent 
studies, evaluating the effect of injection in reinforcement of 
soils by micropiles [24-26]. 

There are some questions about maximum diameter of 
grout penetration in every soils. It seems to depend on many 
factors such as viscosity of grout, grading and classification of 
soil, injection pressure, relative density of soil, workability and 
water cement ratio (WCR) of grout for cement grouts and the 
time of gelation for chemical grouts, void ratio and 
permeability of soil, cohesive or granular nature of soil. 
Teunissen (2006), simulated a tunnel in 2d finite element 
program and exerted a radius pressure, as ordinary injection 
pressure used in naliling processes, perpendicular to the lining, 
and monitored the maximum total displacement around the 
tunnel to show the maximum radius of jointed rock, has been 
influenced by grouting [27]. Adam Bezuijen (2010) gathered 
some equations from earlier literatures to find the maximum 
penetration of grout around nails and the gradian of grout 
propagation by keeping out of the injection center in jointed 
rocks. He emphasized that the results of these formulations are 
underestimated [28].  Hassanlourad (2014), investigated sandy 
soils groutability by a kind of chemical grout made up of 
sodium silicate. He made some samples with 4cm in diameter 

63



and 100cm in height and injected in direction perpendicular to 
the direction of soil layers, poured and compressed in three 
relative densities (loose, medium and dens) and four different 
particle size (coarse, medium, fine and silty sand) by three 
different viscosities of sodium silicate (water to sodium 
silicate ratio). Tests results showed that, particle size has the 
greatest effect on the grouting and the other mentioned 
parameters depend on this factor. Reducing of particle size 
decreases the grouting potential of soil, so that adding 50 % 
silt to soil (50 % silt and 50 % sand) impossible to fully 
grouting of the sample without fracturing the sample. In 
addition for a pomp pressure of 1.2 MPa, water to sodium 
silicate ratio of 0.33, the maximium penetration of grout was 
obtained 19cm. In the same situation by water to sodium 
silicate ratio of 0.5 and relative density 0.5, the maximum 
penetration was estimated 27cm. This amount can be decrease 
by increasing in relative density (Dr) [29]. Eisa (2008); chang 
(2004) and  Younes (2008) showed that it was rather difficult 
to create fractures in a sandy subsoil especially when the 
pressure conditions in the laboratory model are the same as the 
pressure conditions in the field [30-32]. In most cases the grout 
injected resulted in an irregular grout body ("potato-shaped"), 
but not in fractures. These results are different from the results 
of laboratory tests where epoxy was injected in kaolin clay that 
was normally consolidated to 140 kPa [33]. These tests found 
relatively thin fractures. The comparison is not fair, because 
Au et al. (2003) and Komiya et al. (2001) showed that, using a 
cement-bentonite grout, the shape of the fractures depends on 
the WCR ratio of the grout and the over-consolidation ratio 
(OCR) of the clay [33, 34]. Masoudi (2008) performed an 
analytical and numerical modeling of injection in jointed rocks 
base on experimental studies about the site of seimareh dam. 
He founded that the model released by Lombardi (1996) for 
determination of grouting in jointed rocks, has the best 
accurate to experimental and numerical studies. Then showed 
the maximum diameter of grout penetration. He said for a 
pomp pressure of 1MPa the maximum influence of injenction 
is about 7.7 m and for 4MPa is 15.5m [35]. 

 According to FHWA maximium distance from the center 
of injection is between 125mm to 250mm that differ for every 
kinds of soils. AASHTO classification system method of 
installation of TITAN micropiles states the minimum grout 
cover of casing should be 20mm and minimum diameter of 
slurry occupied around casing are estimated for every kind of 
soils. Based on actual tests and experiences using the 
CTS/IBO TITAN system installed with appropriate drilling 
and grouting equipment, minimum diameter of grout body (D) 
outcamed as follows: 

                D ≥ 2d       for medium and course gravel 
                            1.5d   for sand and gravelly sand 
                            1.4d   for cohesive soils 
                            1d      for weathered rock, 

where d is drill diameter [36]. 

This paper intends to model micropile installation in 
saturated sandy soil that found to cover extensive areas in the 
low altitude strip of coastal land next to the Caspian Sea in the 
North of Iran, using finite element code and then compare the 
results of program with that one has been obtained in the site 

investigations. Since the relative density of the soil in the area 
is low and there is a possibility of liquefaction mechanism, the 
micropile injection was presented as an alternative method in 
this work to improve the bearing capacity and liquefaction 
remediation of the soil deposit. This project was carried out by 
Naeini and Ziaei (2012). In this paper the finite element code 
has been validated with the informations given from the site 
investigations (the properties of soil before and after 
micropiles installation in term of relative density) and develop 
the model by some changes in spacing/micro pile diameter and 
injection pressure. The outcome of these endeavour is 
expressed in the form of graghs that shows track and field 
experiments are a good match with numerical trials. 

Because the evaluation of liquefaction has a direct 
relationship with reltive density of soil layers, and also making 
a very costly process to do SPT test and sampling, it seems 
necessary to do numerical simulation of this test and validate 
by the data extracted from SPT test in site before installation 
of micropiles. It can be a useful method to lessen the cost of a 
project performance. 

II. NUMERICAL MODELING 

A.  Site Characterization 
Naeini and Ziaei (2012) had determined the soil conditions 

at the experimental test site from a geotechnical site 
investigation comprised of both in-situ and laboratory tests. To 
identify soil layers three boreholes had been drilled using a 
rotary drilling machine to depths of 30m in specified 
locations. During drilling operations, standard penetration 
tests had been carried out. The undisturbed and disturbed 
samples had been taken at various depths in order to classify 
subsurface soils and determine their physical, chemical and 
mechanical characteristics using laboratory tests [37]. 

The piles have been drilled and grouted within 5 to 12 
inches diameter and one or multi reinforcer element in the 
center of borehole to resist the bulk of the design load, 
nominates micropiles. Namely micropiles are such a cylinder 
piles droven by a vibratory kobe tube and grouted by an 
injection system that provides various pomp pressure (1MPa 
to 8MPa) to pomp cement slurry in several steps. The 
micropiles adopted consisted of steel porous tubes with 75 mm 
outer and 68 mm inner diameter. Micropile reinforcement 
consists of a single reinforcing bar with surrounding grout 
Standard reinforcing steel conforming to ASTM-A615 with 
yield strength of 420 MPa is used. Because of saturated 
condition a cement-water grout mix with a W/C ratio about 
0.5 had been used in this project. Plasticizer additives had 
been added to cement grout to achieve the required 
workability. Type “C” standard grout placement techniques 
(Two-step grouting process) had been used to micropile 
installation  diameters of the reinforcing bar were 25 and 28 
mm. At first, gravity grouting (Type A) had been performed 
and then after 15 minutes the secondary pressure grouting 
througth sleeved pipe with 1.2 MPa pressure were carried out. 
300 to 340 lit/meter grout had been also used for each 
micropile installation. Therefore, it seems that the grout 
volume is ranged between 4 to 4.5 times of the theoretical 
value (excavated borehole volume), indicative of the very 
porous nature of the beach deposits. 

64



The specifications and classifications of the soil layers, 
before and after installation of micropiles are given in the 
table 1. 

TABLE I.  IN SITU MECHANICAL SPECIFICATIONS OF SOIL LAYERS 
BEFORE AND AFTER INSTALLATION OF MICROPILES. 

Z (m) 
 Φ (°) γ (kN/m3) E (kN/m2) Dr (%) 

3.5 
Na 35 18 8000 60 
Rb 40 20 11000 80 

12 
N 34 18 7200 55 
R 41 21 13500 85 

13.5 N 35 18.5 6600 50 
R 38 20 11000 72 

15 
N 33 17 5000 37 
R 41 17.5 11000 68 

17 
N 38 19 9000 57 
R 45 20 12000 70 

a Natural ground 

b Reinforced ground 

B. Model description 
Since PLAXIS V.8.5 code is one of the easiest and the 

most plausible office software in geotechnic engineering, we 
were using it to analyze the problem. As grout injection 
procedure causes large deformation in soil, a lagrangian 
approach, must be used to reach converged answers. 
Lagrangian analyses do not require to make the stiffness 
matrix. So in large displacements every node updates at each 
time step and occurred displacements are added to the past 
coordinates of points. As the result, the elements supplanted 
and the geometry of model changes. 

At first, a model simulated in axissymetry method to create 
surrounded pressure, considering the effect of nearby 
micropiles. Model consists of 15 node triangular elements 
arrange. The dimension of model was 20m height × 5m width. 
Validation of the model to in situ evidence performed by 
establishment of site condition and 3m spacing of micropiles 
as implemented. The soil behavior is described using an 
elastoplastic constitutive model based on the non-associated 
Mohr-Columb criterion. Proper boundry condition are use to 
ensure the displacement transmission through the center 
boundry of soil mass. Water table sets on the surface of soil 
block. Changing the stress level by applying undrained 
condition, non-occurrence of tensile crack and gradient 
changes in elastic modulus, are modeled approximately. In 
this paper the changes in injection pressure introduced as 
displacement to the model. Two step were introduced to run 
the analyses. The first step producted the geostatic situation 
and the second exerted the displacement into the boundry after 
reseting the displacements of the first step to zero.  

C. Results 
The results showed that simulation of injection, along with 

all its defects, is in perfect harmony with the event been 
occurred in the site as shown in Fig.1. 

The numerical model was estimated error rate of less 
than15%.  In other words, the main aim of this project is to run 
a simplex and efficient model of grout injection. 

Fig. 1. Changing the relative density by depth to compare the site 
investigations with model results. 

Noted that this model does not include the following 
effects: 

a) Changes in stress level like what happens in reality, 

b) Influence of the soil-micropile interface, 

c) The injection pressure according to reality. 

Grouting has a minimal effect on the angle of internal 
friction of sands up to 4.5°. It depends on moisture and time of 
curing. By increasing both of them, the friction angle increases 
[38]. But according to the main study (Naeini and Ziaei, 2012) 
internal friction angle may be changed up to 8°, within 
cementation occurrence. Markou and Droudakis (2013) 
declared that incrase in fine cement, decreases permeability of 
slurry. They said that coarse graded sands causes lower 
strength of cemented soil and higher failure strain than fine 
graded sands. They concluded that high void ratio of sand 
lessens the influence of increasing in strength and decreasing 
the  permeability of the soil. Also by increasing the injection 
pressure, permeability of soil increases and the strength 
decreases. The distance away from the injection point, the 
amount of cement in the cemented soil is increased but in 
saturated soils this rate of increase is less seen [39]. 

The second process was to improve the model by applying 
some changes in micropile distance (3m, 1.6m and 0.8m) and 
boundry displacement representative injection pressure (1cm, 
2.5cm, 5cm, 10cm and 15cm). As shown in Figure 2, 3, 4, by 
increasing the injection pressure, the relative density of the 
soil increases in every distance of micropiles. This 
phenomenon is clearly seen in all layers. Because the density 
of layers changes irregularly with depth, the effect of 
increasing depth should be neglected. 

It seems to be a very weak layer between 13.5m to 17m as 
is clear in curves above. Due to saturated and undrained 
condition of the soil, it can be said that the displacement 
corresponding present injection pressure (1.2MPa) should be 
between 5cm to 10cm. Noted that by decreasing in micropile 
distances, the equivalent displacement decreases. Due to the 
ability of the code used for the study, the maximum  
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Fig. 2. Changing the relative density by depth to compare the site 
investigations with model results in 3m spacing of micropiles and for 4 
boundry displacement. 

Fig. 3. Changing the relative density by depth in 1.6m spacing of micropiles 
ad for 3 boundry displacement. 

Fig. 4. Changing the relative density by depth in 0.8m spacing of micropiles 
and for 2 boundry displacement. 

relative density might be greater than 1 that is logically 
incorrect. Therefore it can be seen that the maximum relative 
density attained by 10cm displacement of the boundry for 3m 
spacing of the micropiles, whereas it seems to be 2.5cm 
displacement of boundry for the maximum relative density of 
0.8m micropile spacing. 

In fact, the volumetric strains during injection cause some 
unusual results in graphs and make contradiction. Generally 
when a soil subjected to injection pressure, two phenomena 
occur [28]: 

1) The slurry penetrates into the void of the soil and obeys the 
law of bernulli tube. 
2) Move apart particles and provides localized failure. 

If the vertical displacements due to the second 
phenomenon are large, the volumetric strains are more 
representative of the vertical displacements. Whereas the 
injection carry horizontally. Therefore, the loss of match in the 
result of the depth of 13.5m is due to the vertical strains. 

Usually, it is enough to reach high relative density of the 
soil to ensure the bearing capacity and settlement. So the weak 
layer modified by acceptance of 10cm grout penetration in 3m 
space (as might be excepted)  and 5cm in 1.6m space and 
2.5cm in 80cm space of micropiles. 

III. CONCLUSION 

Modeling of micropiles installation shows the harmony 
between experimental results and numerical analyses. As the 
model was improved, the obtained results show some 
significant issues that can be interpret. Some of the main 
results are as below: 

• By increasing injection pressure (boundry 
displacement), more modification takes place. Because 
the software are not smart, the changes in displacement 
grows up continuously. But in fact the displacements 
can not exceed the limited amount. Then geotechnical 
engineer is necessary to interpret the results. 

• What far micropiles are, modification requires more 
pressure to be applied. So in less distances, desired 
factor of safty is achieved at lower injection pressures. 

• The pressure of 1.2 MPa micropiles at a distance of 3m 
is equivalent to 5cm to 10cm change in boundry 
condition. This means that high injection pressures up 
to 8 MPa are used for unsaturated or drained loose 
soils. In the other hand, this amount of penetration has 
an good agreement with the results pointed (1.5d for 
sand and gravelly sand). 

• Model responses are less than evidence changes. So 
numerical analyses present higher safty factor for 
injection projects. It imposes additional costs to the 
project because of increasing injection pressure and 
possibility of general failure subsequently. It seems to 
caliberate the model with the result of a SPT after 
installation to prevent this disadvantagous, 
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• Displacement changes at a same depth by changing 
injection pressure is estimated to be linear that shows 
the absence  of hardening parameters. Nonetheless, 
exctracted results are in good agreement with 
experimental one. 

Suppose that use discrete element method (DEM), for 
example PFC code, to simulate the penetration of SPT rod into 
soil and not to neglect the skin friction of rod body. To 
complete the model use documented data from an 
implemented project to extract hardening characteristic. For 
better validation, simulate other projects by very different 
specefications such as mechanical properties of layers, water 
level, injection pressure and etc. 
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Abstract— Liquefaction is one of the most important phenomena 
related  to  the  earthquake  that  decrease  the  resistance  of 
saturated soils. The problem of liquefaction of sand is nowadays 
a  classical  soil  mechanics  subject.  Since  loading  due  to 
earthquake is very fast and there is not drainage possibility in 
loading  time,  so  study  of  sands  shear  behavior  is  performed 
under  undrained  and  saturation  conditions.  Using  a  cyclic 
triaxial  test  apparatus,  we  use  non-woven  geotextile 
reinforcement to improve the liquefaction resistance of sand. The 
layer  configurations  used  are  zero,  one  and  two  horizontal 
reinforcing layers in a triaxial test sample. The influences of the 
number of geotextile  layers, and cyclic stress ratio (CSR) were 
studied and described.  Tests  were performed on samples  with 
diameter of 70 mm and a height of 140 mm. Only one type of soil 
and  one  type  of  geotextile  were  used  in  all  tests.  The  results 
illustrated  that  the  geotextile  inclusion  increases  liquefaction 
resistance.

Keywords—  Geotextile;  liquefaction  resistance;  sand;  cyclic 
triaxial test; cyclic stress ratio;

I.  INTRODUCTION

Liquefaction is one of the most important phenomena related 
to  the  earthquake  that  decrease  the  resistance  of  saturated 
soils.  Castro  [1]  found that  sudden increases  of  pore  water 
pressure,  induced  by  monotonic  shearing  under  undrained 
conditions,  lead  to  the  liquefaction  of  sand  layers. 
Krishnaswamy  and  Isaac  [2]  performed  a  series  of  cyclic 
triaxial test to evaluate the liquefaction potential of sand with 
and without reinforcement.  The results were shown that the 
reinforced sand can be a promising solution for increasing the 
safety against liquefaction potential of sand.Vercueil et al. [3] 
presented various tests using a cyclic  triaxial instrument, on 
samples of saturated Hostun RF sand, reinforced with circular 
sheets  of  geosynthetic  material.  Tests  were  performed  with 
different  types  of  geosynthetic  of  different  compressibility, 
rigidity  and  roughness  characteristics  indicate  a  significant 
increase in liquefaction resistance for samples reinforced with 
compressible, non-woven geotextile. The undrained behavior 
of  saturated  Hostun  RF  sand  reinforced with  non-woven 
geotextile is analyzed on the basis of different test series. This 
analysis  highlights  the  influence  of  reinforcement 
compressibility  on  interstitial  pressure  distribution  in  the 
sample, thus showing the role of this type of inclusion in the

increase in liquefaction resistance.
A series of stress controlled cyclic triaxial tests were carried 

out on fly ash samples reinforced with randomly distributed 
fiber  and  mesh  elements  (Boominathan  and  Hari,  [4]).Test 
results  indicate  that  the  addition  of  fiber/mesh  elements 
increases the liquefaction strength of fly ash significantly and 
arrests the initiation of liquefaction even in samples of loose 
initial  condition  and  consolidated  with  the  low  confining 
pressure.

Haeri et al. [5] carried out monotonic triaxial compression 
tests in order to study stress-strain and dilation characteristics 
of geotextile-reinforced dry beach sand. The results illustrated 
that  geotextile  inclusion  increases  the  peak  strength,  axial 
strain at failure, and ductility.

As  well  as  numerous  other  papers  have  studied  the 
beneficial effects of soil reinforcement to increase the strength 
(McGown et al. [6] Gray and AL-Refeai [7], Athanasopoulos 
[8],  Chandrasekaran  et  al.  [9],  Latha  and  Murthy [10],  Xie 
[11], etc) using triaxial, direct shear and plane strain tests.

 In  the  Current  research,  reinforced  and  unreinforced  soil 
aggregate  systems  were  prepared  in  the  laboratory.  The 
reinforcing  materials  were  placed  at  the  interface  of  soil 
aggregate  system. Experiments  were conducted to study the 
effect  of reinforcement  and cyclic  stress ratio (CSR) on the 
liquefaction resistance of sand.  

II.  TEST MATERIAL

The Firoozkuh sand is used in the current study. Some of 
the physical properties of Firoozkuh sand are shown in Table I 
and  the  sand  particle  size  distribution  curve  is  depicted  in 
Fig. 1. As it is shown, the sand can be considered as fine sand. 

TABLE I. PHYSICAL PROPERTIES OF FIROOZKUH SAND

       
Firoozkuh

Sand  

emin emax Gs Cc
C
u

F%

0.56 0.877 2.658 0.93 1.7 0
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Fig. 1.  Grain size distribution of Firoozkuh sand.

A.  Geotextile

The geotextile used in this research, was made by an Iranian 
company. This type of geotextile is non-woven with mass of 
400 mgh; nominal thickness of 3.2 mm and effective opening 
size of 0.15mm. Figure 2 shows arrangement of geotextile in 
cyclic tests.

            Unreinforced                   Single-layer                 Two-layers
                                  Reinforced                   Reinforced

  Fig. 2. Geotextile arrangement for cyclic tests

B. Test equipment

 A cyclic triaxial device was used. Figure 3 shows this 
apparatus. The cyclic tests were performed at Laboratory of 
Imam Khomeini International University.   

Fig. 3. An overall view of the cyclic triaxial apparatus.

III.  SAMPLE PREPARATION

  The preparation of the soil sample is of great importance 
for laboratorial research. . samples were prepared using a moist 
tamping  technique.  This  technique  is  commonly  used  in 
laboratory studies  of  sand  and allows the  control  of  sample 
density.  The  soils  were  mixed  with  water  so  that  moisture 
content (w) of soil is 5%  and then placed within five layers.  
After compacting and leveling each layer of soil, the geotextile 
layer (with a diameter slightly less than the sample) was placed 
horizontally on the surface of layer. For all of the samples a 
relative density of RD = 30% is used.

IV.  TEST PROCEDURE

Samples  with  70mm  diameter  and  140mm  height  were 
prepared.  The  test  results  are  given  in  Table  II.  The  main 
purpose of these tests was to find out the failure stress of each 
sample, which was later used for conducting repeated triaxial 
tests. Typical results in the form of stress–strain plots of these 
tests are given. After the sample was formed, it was saturated 
using carbon dioxide (CO2) and de-aired water.  Firstly,  CO2 

was  percolated  through  the  sample  to  expel  the  air  in  the 
sample  pores.  Then,  deaired  water  was  infiltrated  into  the 
sample to expel the CO2 as completely as possible. After that, 
the degree of saturation was checked using the parameter BD = 
∆u/∆ϭ, where ∆u is an increment of pore pressure and ∆ϭ is an 
increment of normal stress. 

In  this  study,  the  sample  was  first  consolidated  under  a 
normal stress of 30 kpa at the drained condition. An increment 
of  normal  stress,  ∆ϭ=  30  kpa,  was  then  applied  in  the 
undrained  state,  and  the  resultant  excess  pore  pressure 
increment ∆u was measured. Finally the saturation degree BD 

was indirectly given by ∆u/∆ϭ. Values of BD of at least 0.96 
were deemed to indicate sufficient water saturation for all the 
undrained tests.  

After  checking  the  BD,  the  saturated  sample  was 
consolidated under selected values of normal stress 100 kpa in 
a  drained  condition  until  the  axial  strain  was  constant. 
Thereafter,  the drainage valve was closed and then finally a 
cyclic  deviator  stress  was  applied  in  both  compression  and 
extension side. The frequency was about 2 Hz.

V.  DEFINITIONS 

The definition of the CSR is normally given as: 

                                                 

                                          (1)

Where, ��dcy is the applied cyclic stress. 
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A  direct  comparison  of the  cyclic  resistance  using  the 
CSR  versus  the number  of  cycles  to  failure  for  a  standard 
suite  of  stress-controlled cyclic tests  requires a cyclic stress 
ratio.  

VI.   TEST RESULTS AND DISCUSSIONS

In  this  part  results  of  the  experimental  investigation  are 
presented. Total number of 9 cyclic triaxial tests is conducted 
on  the  pure  Firoozkuh  sand  with  and  without  geotextile. 
Therefore the presented discussion is focused on the behavior 
of unreinforced and reinforced sand.

A.  Changes in pressures during cyclic loading

Figure 4 shows the pressure changes during cyclic loading. 
At  the shear  stage,  cell  pressure  is  constant  but  pore  water 
pressure increases and effective confining pressure decreases 
until the pore water pressure is equal to the initial confining 
pressure and effective confining pressure reaches to zero.

 

Fig. 4. Changes in pressures during cyclic tests
(P'0=100kPa, CSR=0.16, Dr=0.30)

B.  Deformation pattern in cyclic compression modes

The resistance of sand to soil liquefaction is evaluated by 
performing  cyclic  undrained  test  on  sand  specimen  using 
cyclic triaxial apparatus. In the tests, samples of unreinforced 

and  reinforced  sand  are  consolidated  under  a  specified 
confining  pressure  and  subjected  to  cyclic  stress  until  the 
specimen either deforms to a certain amount of strain, or the 
excess pore water pressure reaches a value close to the initial 
confining pressure. 

At this stage, it can be considered that the specimen is in a 
state  of  cyclic  instability,  and  liquefaction  has  occurred.  In 
essence,  liquefaction  can  be  defined  in  two  ways:  (a) 
development of high pore water  pressure,  the pore pressure 
ratio  (ru)  of  1;  or  (2)  development  of  high  strain,  typically 
expressed as  2.5% double amplitude axial  strain for  triaxial 
tests.

Fig.5. Behavior of Unreinforced sand during cyclic tests 
(Unreinforced sand, P'0=100kPa, CSR=0.19, Dr=0.30)

Typical  results of cyclic  tests on the saturated pure sand 
with and without geotextile are shown in Figure 5 and 6. The 
extensional and compression deviator stresses are equal during 
each loading cycle.  In other word a symmetric stress history 
was applied to the soil samples. As shown in Fig. 5 and 6, in 
constant  cyclic  stress  ratio  (CSR=0.19),  liquefaction  of 
unreinforced  sand  occurs  in  2  cycles  but  liquefaction  of 
reinforced  sand  occurs  in  5  cycles.  So,  geotextile  inclusion 
decreases liquefaction potential.

Start to 
liquefaction
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C.  Stress-strain behavior

Figure  7  shows  the  stress-strain  loops  for  typical  test 
results.  As shown in this figure,  mean effective  stress  starts 
from value equal to effective confining pressure and it found 
that progress of axial extensional strain in each cycle is larger 
than compression strain because of inherent anisotropy of sand.

Fig. 6. Behavior of reinforced sand during cyclic tests
 (1R, P'0=100kPa, CSR=0.19, Dr=0.30)

(a)

(b)
Fig. 7. Stress-strain diagrams

 (Unreinforced, P'0=100kPa, CSR=0.16, Dr=0.30)

The  liquefaction  potential  of  any  given  soil  deposit  is 
determined  by  a  combination  of  the  soil  properties, 
environmental factors and characteristics of the earthquake to 
which it may be subjected to. The testing conditions for  the 
cyclic tests were summarized in Table II. 

D.  Effect of reinforcement on the liquefaction of sand

The characteristics of tests and their results are shown in 
Table II.

TABLE II. LIST OF CONDUCTED TESTS AND THEIR RESULTS

No
Pˊ0 

(kpa)
Reinforcement CSR N

1 100 unreinforced 0.15 156

2 100 unreinforced 0.16 16

3 100 unreinforced 0.19 1.5 

4 100 1R 0.15 239

5 100 1R 0.17 35

6 100 1R 0.19 5

7 100 2R 0.16 246

8 100 2R 0.18 26

9 100 2R 020 3.5

Figure  8  shows  effects  of  cyclic  stress  ratio  (CSR)  and 
number of geotextile layers on the liquefaction resistance. As 
shown  in  figure,  number  of  cycles  to  cause  liquefaction 
dropped  significantly  when  higher  cyclic  stress  ratios  were 
applied.  Also  results  illustrated  that,  at  the  constant  CSR, 
increasing the number of geotextile, led to a higher number of 
cycles  leading  to  liquefaction.  So  geotextile  layer  increases 
liquefaction resistance of sand. 

Also as shown in Fig.8, CSR-N curve for reinforced sand is 
above  the  curve  of  unreinforced  sand, so  geotextile  is 
beneficial to increase resistance to liquefaction.

Start to 
liquefactio
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Fig. 8. Effect of reinforcement on the liquefaction of soil.

In liquefaction analyses, usually a reference earthquake of 
magnitude equal to 7.5, causing the liquefaction at 15 cycles is 
used.  For this reason,  the cyclic  resistance  ratio  (CRR15) is 
used as a measure of the resistance to liquefaction. Figure 9 
shows  effect  of  number  of  geotextile  layers  on  the  cyclic 
resistance ratio (CRR). As shown in figure 9, by increasing the 
number  of  geotextile  layers,  CRR  is  increased  and  thus 
liquefaction potential is reduced. 

Fig. 9. Effect of geotextile layers on the cyclic resistance ratio (CRR)

VII.  CONCLUSION

Results of  9 undrained cyclic  triaxial  tests  on Firoozkuh 
sand with and without geotextile were studied. In  these tests 
specimens were tested under isotropic consolidation. To obtain 
the cyclic resistance of soil samples to liquefaction the cyclic 
stress was applied with different amplitudes under undrained 
condition. 

In  this  paper,  Effects  of  cyclic  stress  ratio  (CSR)  and 
reinforcement  on  the  liquefaction  resistance  of  sand  are 
investigated.  The  followings  are  the  most  important 
conclusions drawn from this study:

In all samples, the number of cycles to cause liquefaction 
dropped  significantly  when  higher  cyclic  stress  ratios  were 
applied. So, it can be found that increases of cyclic stress ratio 
(CSR) have a direct  impact on the liquefaction potential.  In 

other  words,  in  all  circumstances,  increase  in  this  ratio 
increases liquefaction potential or decreases number of cycles 
that cause liquefaction.

 According to CSR curve in terms of number of cycles, at 
the constant CSR, increasing the number of geotextile, led to a 
higher number of cycles leading to liquefaction. This issue is 
caused  by increase  of  confining pressure  in  the presence  of 
geotextile layer. So, geotextile layer is beneficial to decrease 
liquefaction potential of sand, and improvement in liquefaction 
resistance  with  increasing  the  number  of  geotextile  layers 
increases.

With  the  increasing  number  of  geotextile  layers, 
liquefaction  resistance  increases,  but  the  rate  of  increase  of 
resistance is reduced and soil reinforced with 2 geotextile (2R) 
has the highest resistance to liquefaction.
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Abstract—In a seismic environment, soil displacement affects 

the pile motion, and the pile motion affects the wave field 

surrounding it, which in turn affects the pile displacement. This 

inter-dependency of soil and pile motion is called kinematic 

interaction. In certain cases, this must be considered in the stress 

calculations for piles. One such case is when a pile passes through 

soil layers of sharply different shear moduli. Damage to pile is 

most imminent at two soil layers’ interface because of high 

strains. In this paper differential equation of kinematic 

interaction is solved and programmed in MatLab. The solution is 

based on Winkler formulation called Beam on a Dynamic 

Winkler Formulation (BDWF). A detailed parametric study is 

carried out to indicate the effect of different parameters on pile 

bending moment.  

Keywords— Pile, Kinematic interaction; Soil-pile interaction, 

Site response analysis  

I.  INTRODUCTION 

During earthquake shaking, the superstructure vibrates 
resulting in the development of inertia forces in the 
superstructure, which are transmitted to the pile. The pile must 
resist these inertia forces. Another force experienced by the 
pile during earthquake shaking is due to the vibration of ground 
itself. When the ground vibrates, it imposes displacements on 
the pile embedded in it. The pile displacement resulting from 
inertial forces and ground vibration modifies the wave field 
around the pile, which in turn influences the pile movement. 
This interaction between soil and pile is called kinematic 
interaction. While inertia forces have received greater attention 
and a bulk of knowledge is available in the literature regarding 
how to deal with inertial loading, kinematic interaction remains 
relatively less explored. Eurocode 8 is the only code which 
considers kinematic interaction for piles. Many pile failures 
caused by kinematic interaction have been documented in 
literature, particularly when piles pass through layers of 
varying shear moduli [1]. Large soil strains are imposed at the 
layers’ interface, resulting in high pile bending moment [2, 3, 
4]. Therefore it is very important to study the parameters 
affecting kinematic interaction.    

In this paper, the solution of differential equation governing 
kinematic interaction is presented which yields the pile 
rotation, displacement, bending moments, and shears 
developed due to kinematic interaction of a soil-pile. Soil with 
two layers having different soil shear stiffness is considered. 
The problem of kinematic interaction of pile can be solved by 
most rigorous methods using three dimensional finite elements. 

However, in this paper Winkler foundation is used which is the 
simplest method for solving kinematic soil-pile interaction 
problem. This method, more specifically called Beam on 
Dynamic Winkler Formulation, is discussed in some detail. 
First the differential equation governing the linear site response 
is solved for a two layer soil profile. The resulting solution is 
then used to solve the differential equation for kinematic 
interaction. The solution is presented both for end bearing piles 
and free standing piles by imposing relevant boundary 
conditions on the solution. The solution can be easily 
implemented in any software. 

II. PILE SOIL SYSTEM 

The pile soil system considered in this research is shown in 
Fig. 1. The pile passes through a two-layer soil deposit which 
has different shear moduli. The case of free head and free tip of 
pile are considered. The bedrock that underlies the soil layers is 
subjected to S-wave that propagates vertically upward. The S-
wave imposes on bedrock a harmonic displacement of ug (t) 

=Ug exp(it) where Ug is the amplitude of harmonic 

displacement and  is the excitation frequency. Group effect is 
not taken into consideration as this is of less importance in 
kinematic interaction [5, 6].  

III. WINKLER FORMULATION 

Beam on Dynamic Winkler Formulation (BDWF) has been 

extensively used to solve soil pile interaction because of its 

simplicity. This method is used in this paper to solve the pile 

soil system subjected to earthquake excitation (Fig.1). The 

BDWF is schematically shown in Fig. 2, which consists of a 

bed of springs with linear stiffness coefficient (kx) and a bed 

of dashpots with dashpot coefficient cx used to connect pile to 

the soil all along its length. This spring and dashpot system 

resist the pile motion. The free field displacement uff (z,t) is 

transferred to the pile through the springs and dashpots 

system.  

IV. DIFFERENTIAL EQUATION GOVERNING KINEMATIC RESPONSE 

OF PILES 

The differential equation for the steady-state pile 
displacement to the harmonic excitation is given  
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mp is the pile mass per unit length, Ip is the second 

moment of area about centroid of the pile section, Ep is the 

pile elastic modulus, Sx is complex impedance function, and 

Uff(z) and Upp(z) are the amplitudes of free field ground 

displacement and of pile at depth z, respectively. The 

derivatives of Uff(z) and Upp(z) are differentials with respect 

to depth z.  

 
Figure 1 Pile embedded in a soil deposit composed of two layers of soil 

 
Figure 2 Pile soil system modelled as BDWF 

Spring stiffness (Kx) is taken from [7] and the 

distributed dashpot/length (cx) are those considered by [8, 9]. 

V. SOLUTION OF DIFFERENTIAL EQUATION 

Equation 1 is solved using relevant boundary and 

compatibility conditions of the pile soil system.  

The general solution of Equation 1 is   
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where s=/(q*4-4), q* = [/(Vs + is)]1/2 is complex 

wave number. In the wave number equation the shear wave 

velocity (Vs) and damping ratio (s) of the corresponding soil 

layer should be used. D1, D2, D3, and D4 are arbitrary 

constants to be evaluated through boundary conditions. 

Using subscript “1” for the upper soil layer and “2” for 

the lower soil layer and introducing local coordinates z1 and 

z2 (Fig. 1), Equation 2 can be re-written as  
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The Uff1 and Uff2 terms are evaluated through free 

field site response analysis. Equation 3 and equation 4 have 

eight constants. Their values can be determined using 

boundary and compatibility conditions of the pile soil system. 

The four boundary conditions are the known pile moment and 

shear at the pile head and tip. The four compatibility 

conditions are the pile displacement and rotation at the soil 

layers’ interface. These conditions are discussed below.    

A. Boundary conditions  

The moment, M and shear, V at the pile head and base 

are zero 
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B. Continuity conditions at interface of two soil layers 

The displacement and rotation at the soil layers 

interface are continuous: 
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The continuity of moment and shear yields: 
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Using these boundary and continuity conditions, 

Equations 3 and 4 can be solved for the coefficients from D1 

to D8. 

On the right side of Equation 3 and 4, appear free field 

amplitudes. These amplitudes and their derivatives at 

particular depths can be obtained from site response analysis. 

The differential equation of wave propagation problem in two 

layer soil is solved below.  

C. Site Response Analysis of Two layer soil system  

To capture the response of free field ground motion, 

the soil is assumed to behave as a Kelvin-Voigt solid, the 

general wave equation is 

uff(z,t)=A ei(t+q*z) + B e-i(t+q*z)   (19) 

Applying local coordinates z1 and z2 

uff1(z,t)=A1 ei(t+q1*z1) + B1 e-i(t+q1*z1)   (20) 

uff2(z,t)=A2 ei(t+q2*z2) + B2 e-i(t+q2*z2)  (21) 

where uff1 and uff2 are free field displacements at any 

depth in the top and bottom soil layers, respectively.  

The constants A1, B1, A2, and B2 are found by using 

following boundary and continuity conditions: shear stress at 

ground surface is zero, shear stresses in the two soil layers at 

the interface are equal, and displacement at the bottom of soil 

is equal to bedrock displacement.  

VI. PARAMETRIC STUDY 

Maximum pile bending moment which occurs at or 

closed to the interface of two soil layers is the focus of this 

parametric study. This moment is normalized as  
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Mmax = maximum pile bending moment 

Mn,max = maximum normalized pile bending moment 

amplitudeonacceleratibedrocku  

The effects of the following parameters on the Mn,max 

are evaluated. These parameters are: ratio of excitation 

frequency to fundamental frequency of soil deposit (/1), 

length to diameter ratio of pile (L/d) ratio, ratio of the elastic 

modulus of pile to the elastic modulus of upper soil layer 

(Ep/Es1), ratio of the shear wave velocities of the two soil 

layers (V2/V1), h1/L, and h3/L.  

Following parameters are considered constant in the 

analysis 

Density of top soil layer and bottom soil layer = 18 

kN/m3 

Density of pile = 1.6  density of top soil layer 

Soil damping ratios = 10% 

Poisson’s ratio of soil = 0.4 

Amplitude of the bedrock acceleration = 1 m/s2 

A. Effect of Frequency of Excitation () 

To evaluate the effect of excitation frequency on the 
bending moment of pile at the two soil layers’ interface, the 
following eight cases given in Table 1 are considered. The 
h1/L and h3/L are considered 0.5 and 1 respectively for all the 
cases. 

TABLE 1.  PARAMETERS CONSIDERED FOR EVALUATION OF 

FREQUENCY EFFECTS ON BENDING MOMENT 

 
The normalized bending moments for all the cases are 

shown as a function (/1) in Fig. 3. 

The bending moments along the pile length resulting for 
different frequencies of excitations are also evaluated for a soil 
pile system Ep/Es1=2000, L/d=20, Vs1/Vs2=1/5, and 

h1/L=0.5. The soil pile system is excited by 1, 21, and 

0.51.  The results are shown in Fig. 4.  

B. Effect of L/d, Ep/Es1, V2/V1, and h1/L 

The variation of parameters considered are: h3/L=1, 

Ep/Es1= 1000, 5000, 10000; V2/V1= 2, 10; H1/L = 0.25, and 

0.5., and a range of L/d values varying from 10 to 40. The 

resulting graphs are shown in Fig. 5, and Fig. 6. 
 

Para- 

meters 

Cases 

1 2 3 4 5 6 7 8 

Ep/Es1 5000 5000 10000 10000 5000 5000 10000 10000 

V2/V1 2 2 2 2 10 10 10 10 

d/L 20 40 20 40 20 40 20 40 
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Figure 3 Effect of frequency ratio on Mn,max 

Figure 4 Effect of frequency ratio on Mn along the pile length 

C. Effect of h3/L 

The above analysis are repeated for h3/L = 3. The graphs 
are shown in Fig. 7, and 8 for h1/L=0.25 and h1/L=0.5 
respectively.  

 

Figure 5 Effect of L/d on Mn,max for h1/L=0.25 and h3/L=1 

 

 

 
Figure 6 Effect of L/d on Mn,max for h1/L=0.5 and h3/L=1 

 

 
 

Figure 7 Effect of L/d on Mn,max for h1/L=0.25 and h3/L=3 
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Figure 8 Effect of L/d on Mn,max for h1/L=0.5 and h3/L=3 
 

VII.  DISCUSSION 

1. Referring to Fig. 3, the normalized maximum bending 

moment (Mn,max) of pile along its length is evaluated at 

different frequency ratios (/1). It is found that the 

Mn,max is greatest at frequency ratio, /1=1. This 

signifies the greater contribution of first natural mode of 

vibration to pile bending moment. This trend is found for 

all the eight cases shown in Table 1. Secondly, bending 

moment is largest for case-8 of table-1 for /1=1, and 

least for case-1. This show strong influence of other 

parameters on the bending moment. Influence of excitation 

frequency on bending moment is also evaluated at different 

frequencies of excitations (1, 0.5, and 2) and result shown 

in Fig.-4, which again shows the significant effect of first 

natural mode of vibration (/1=1).   

2. Referring to Fig.-5. The effect of various soil pile 

parameters on the Mn,max is shown in Fig.-5, and 6. These 

soil pile parameters are Ep/Es1, V2/V1, L/d, and h1/L. 

h3/L=1 in all the cases. 

3. As Ep/Es1 increases for constant value of V2/V1, the Mn, 

max increases. This is because the stiffness of pile 

increases with respect to the top soil layer stiffness. 

4. The ratio of the shear wave velocity (V2/V1) of the soils 

considered in the study, affects Mn,max in similar fashion 

as discussed in para-3 above. As the top soil layer becomes 

less stiff compared to bottom soil layer, the Mn,max 

increases. 

5. Effect of L/d: As the L/d ratio increases, the Mn, max 

increases.  However, for low values of Ep/Es1, or V2/V1, 

the rate of increase in Mn,max with L/d is not very 

pronounced. 

6. Effect of h1/L: increase in the thickness of the upper softer 

soil layer compared to the length of pile significantly 

increases the Mn,max. This conclusion is based on 

comparing the Mn,max in Fig. 5 and Fig. 6.    

7. Referring to Fig. 7 and Fig. 8. The effect of all the 

parameters as described in para-3 above is studied for 

h3/L=3. It is seen that the Mn,max increases with h3/L. 

This is expected as the free field motion increases as the h3 

increases. 
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Abstract —Such an analysis is especially important because, 

although the phenomenon of progressive collapse have not a 

common occurrence, its effects can be catastrophes when the 

design methods are not sufficiently suited to slow down or stop the 

spread of damage throughout the structure. In addition to prevent 

the damages, the well-designed buildings both increased the safety 

of the occupants or users and the collapse prevention (especially 

the progressive collapse). Many lives can be saved if the damages 

are reduced to the initially affected area not allowing expansion or 

collapse the entire structure of large areas. This paper sought to 

determine a computation methodology and analysis concerning 

the progressive collapse phenomenon initiation in the structure 

that can help to reduce or ovoid the risk of such a phenomenon. 

Reinforced concrete buildings must be protected against 

progressive collapse in the event of local failure of structural 

elements support as a result of accidental loads. 

 

Keywords—collapse; local; progressive; ductility; hinges 

I.  INTRODUCTION 

The main objective is the assessment of the influence of 

local collapse to generate progressive collapse. Evaluation was 

performed according to the following parameters:  

 The number of levels of structure: two identical structures 

were selected with two different height levels: a low-rise 

structure (5 levels) and a medium high-rise structure (10 

levels).  

 The structural damage cases: according to emergency 

scenarios from GSA (General Service Administration – 

October 24, 2013): were removed, one by one, one corner 

column, one  marginally  column found closer to the 

midpoint of the structure, one of the central columns 

located as close to the center of the structure.  

 Adopted analysis methods: linear static calculation was 

performed, followed by a nonlinear static analysis 

(pushover) for better interpretation of analyzes. 

The secondary objective is to determine the worst damage 

type. To achieve the analysis the following methodology of 

computation were used: 

 Evaluation of structural composition,  of materials used 

and the loads to be taken into account; 

 Pre-design of the structural elements; 

 Determining the status of efforts and deformations using 

ETABS program; 

 Designing the stiffness through the lateral forces by 

checking the SLS and ULS states; 

 Sizing the reinforcements in  beams and columns; 

 Choosing  the scenarios generating local collapse under 

GSA recommendations in the field; 

 Checking the drifts for the damaged structures; 

 Analysis of the beams behavior after removing the columns 

as in the chosen scenarios; 

 Performing nonlinear static analysis (pushover type) that 

followed the steps of: defining the potential plastic hinges; 

define load cases for nonlinear analysis; calculation of 

target movement according EC8. 

Due to a better understanding of the structural behavior of 

materials and with increasing the computer power, modern 

structures are better designed than in the past. This optimization 

resulted in the reduction of inherent safety margins, but still due 

to this ability to resist the unforeseen events decreased. This 

increased vulnerability may be associated with modern 

construction methods aiming at reducing the perpetual costs 

and because modern architectural design directions that favor 

lightweight construction with large openings. Lastly, increased 

fear for terrorist threats highlighted the need to consider the 

design of unforeseen events such as: blasts, external impact, 

detonations, etc. 
 Some components, such as multi-leveled equations, 

graphics, and tables are not prescribed, although the various 
table text styles are provided. The formatter will need to create 
these components, incorporating the applicable criteria that 
follow. 
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II. COMPUTATION STRATEGIES 

The buildings studied are frame structure, occupying an area 
plan with dimensions 25x25 m2, with five spans and five bays of 
5 m. The level height is set to 3 m at all the levels. The building 
functionality were set as offices. Exterior curtain walls and 
interior drywall partitions were used. The concrete slabs have a 
thickness of 13 cm, ensuring the required strength and acoustic 
comfort. The buildings location were set in a region with a 
horizontal design acceleration (ag) of 0.30g, according to EC8. 
The importance and exposure class is II (γe,І = 1.0). The periods 
TB=0.16 sec, Tc=1.60 sec and the ductility class was set at high 
class (H). The snow zone:  𝑠𝑜,𝑘 = 2,0 𝑘𝑁/𝑚2. Execution 

technology: monolithic RC (including floors). 

 

Fig.1. Axes sketch 

 

      Used materials: 
Table 1 Concrete characteristics 

Concrete 
𝑓𝑐𝑘 

[𝑁
𝑚𝑚2⁄ ] 

𝑓𝑐𝑚 

[𝑁
𝑚𝑚2⁄ ] 

𝑓𝑐𝑡𝑚 

[𝑁
𝑚𝑚2⁄ ] 

𝑓𝑐𝑡𝑘,0.05 

[𝑁
𝑚𝑚2⁄ ] 

𝐸𝑐𝑚 

[𝐺𝑃𝑎] 

C25/30 25 33 2.6 1.8 31 

C35/45 35 43 3.2 2.2 34 

 

Table 2 Steel Characteristics 

Steel 
𝑓𝑦 

[𝑁
𝑚𝑚2⁄ ] 

𝑓𝑢 

[𝑁
𝑚𝑚2⁄ ] 

𝐸𝑎 

[𝑁
𝑚𝑚2⁄ ] 

S500 500 550 2.1E+8 

 

Seismic load it was considered as follows:  

It defines the design spectrum: 

0 ≤ 𝑇 ≤ 𝑇𝐵:     𝑆𝑑(𝑇) =  𝑎𝑔 ∙ [1 +

𝛽0
𝑞

−1

𝑇𝐵
∙ 𝑇]      (1) 

and if   𝑇 > 𝑇𝐵:     𝑆𝑑(𝑇) =  𝑎𝑔 ∙
𝛽(𝑇)

𝑞
          (2) 

 

As can be seen the design spectrum is obtained from the 

elastic spectrum by reducing the range of it with the behavior 

factor q for values of the period T> TB. For periods T ≤ TB 

design spectrum is determined by a behavior factor q, q = 1 it 

reaching T = 0. 

 

 
Fig.2 Comparison between elastic spectrum (red) and                                        

design spectrum (dark blue) q= 4.73 and T= 1.6s 

  

To determine the structural elements efforts of the building, 

the structural analysis program ETABS [21] were used. 

Dimensions obtained from the pre-design stage defined the 

structural elements in the program: beams and columns as linear 

FRAME finite elements and the slabs as planar SLAB finite 

elements. It was considered that concrete were cracked: for 

beams 0,5𝐸𝐶𝐼𝑐and for columns0,8𝐸𝐶𝐼𝑐 . 

 

 

Fig. 3 Structural model in ETABS: a) 5 levels, b) ten levels 

III. SCENARIOS THAT GENERATE LOCAL COLLAPSE 

The scenarios presented in this paper on the removal of the 

columns on the ground floor are confirmed with the 

recommendations of the GSA [6]. This design guide has the 

following structural failure: Removal of a corner column; 

Removal of marginal column located at midpoint; Removal of 

a central column. 

 
Fig. 4 Structural damage types applied to models 
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Fig. 5 Initial 5 stories structure drifts 

 

 
Fig. 6 Initial 10 stories structure drifts 

 

 In the followings only the five levels structure will 

present, because of the lack of space. 
 

  
Fig. 7a ETABS model – removed 

corner column 
Fig. 7b ETABS model – removed 

central/marginal column 

 

 
Fig.8 Five levels cases - SLS Drifts 

 
Fig.9 Five levels cases - ULS Drifts 

 
Table 3 Joints deflection above the removed columns 

Joint deflection above the removal corner column 1.256 cm 

Joint deflection above the removal marginal column 1.136 cm 

Joint deflection above the removal central column 
 

0.688 cm 

 
Table 4 Beams deflection 

Removed corner column 

f= 0.0125 m 
f > fadm Not OK 

fadm= 0.0125 m 

Removed marginal column 

f= 0.0129 m 
f > fadm Not OK 

fadm= 0.0125 m 

Removed central column 

f= 0.0107 m 
f < fadm  OK 

fadm= 0.0125 m 

 

 

      From all the analysis did, in the paper some synthetic and 

simple tables are presented in the followings: 

 

 
Table 5 Beams bending moments check in case of corner column 

Diagram 

 

Levels 

Envelope  

Case of a corner column failure 

MEd < MRd 
Support 1 

MEd < MRd 
Support 2 

MEd < MRd 
Mid field 

1-3 OK Not OK Not OK 

4-5 OK Not OK OK 

Levels 

Gravitational  
Case of a corner column failure 

MEd < MRd 

Support 1 

MEd < MRd 

Support 2 

MEd < MRd 

Mid field 

1-3 Not OK Not OK OK 

4-5 Not OK Not OK OK 

 
 

0 0.005 0.01 0.015 0.02 0.025

5

4

3

2

1

SLS Drift ULS Drift SLS adm.drift ULS adm.drift

0 0.005 0.01 0.015 0.02 0.025
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9

8

7

6

5

4

3

2

1

SLS Drift ULS Drift SLS adm.drift ULS adm.drift

0 0.001 0.002 0.003 0.004 0.005

1

2

3

4

5

Drift Corner SLS Drift Marginal SLS Drift Central SLS Adm.drift SLS

0 0.005 0.01 0.015 0.02 0.025

1

2

3

4

5

Drift Corner ULS Drift Marginal ULS Drift Central ULS Adm.drift ULS
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Table 7 Beams bending moments check in case of marginal column 

Diagram 

 

Levels 

Envelope  

Case of a marginal column failure 

MEd < MRd 

Support 1 

MEd < MRd 

Support 2 

MEd < MRd 

Mid field 

1-3 OK Not OK Not OK 

4-5 Not OK Not OK Not OK 

Levels 

Gravitational  
Case of a marginal column failure 

MEd < MRd 

Support 1 

MEd < MRd 

Support 2 

MEd < MRd 

Mid field 

1-3 Not OK Not OK Not OK 

4-5 Not OK Not OK Not OK 

 

Table 8 Beams bending moments check in case of marginal column 

Diagram 

 

Levels 

Envelope  

Case of a central column failure 

MEd < MRd 
Support 1 

MEd < MRd 
Support 2 

MEd < MRd 
Mid field 

1-3 OK OK Not OK 

4-5 OK Not OK OK 

Levels 

Gravitational  
Case of a central column failure 

MEd < MRd 

Support 1 

MEd < MRd 

Support 2 

MEd < MRd 

Mid field 

1-3 Not OK Not OK Not OK 

4-5 Not OK Not OK OK 

 

Nonlinear static analysis (pushover) was chosen to perform 

in good condition for reinforced concrete structures in ETABS 

[23]. This analysis involves the gradual imposition of 

displacements on the structure until it forms a plastic 

mechanism. As it grow the structural displacements as 

gradually develops plastic hinges. 

Plastic hinges used are of two types: beams plastic hinges 

(joints bending moment M3) and columns plastic hinges (joints 

M3 bending moment and axial force N). Plastic hinges rotations 

used to define performance ranges were established based on 

the requirements of FEMA 273.  In order to check each element 

the plastic hinge type were described on both ends. For columns 

plastic hinges in MN interaction curve must be defined. This 

will be introduced by points.  

Push-over analysis involves two assumptions: a situation 

where the structure is loaded by gravity load; a situation where 

the structure is progressively loaded horizontally. This 

hypothesis run after the first one. 

 

Initially a target displacement must be appreciate and then this 

is computed. The maximum number of steps and the number of 

null steps are the parameters which control the run time. 

Reaching the maximum number of steps or null steps the 

analysis stops. The meaning of null steps is that a plastic hinge 

yield and determined the yielding of other plastic hinges. 

IV. CALCULATING THE TARGET DISPLACEMENTS 

Calculating the target displacement was made according to 
EC8 (Appendix B) [22] [23]. Between normalized lateral forces 

𝐹𝑖 and normalized displacements ∅𝑖 is the following 

relationship:  𝐹𝑖 = 𝑚𝑖 × ∅𝑖  Where: 𝑚𝑖 = 𝑙𝑒𝑣𝑒𝑙  ′′𝑖′′ 𝑚𝑎𝑠𝑠 and 

 ∅𝑖 =  
𝑑𝑖

𝑑𝑛
  displacements are normalized so that ∅𝑛 = 1.  

 

Fig. 10 Correspondence between the lateral forces/displacements between the 
real lateral displacements and the normalized displacements 

Table 9 The each level mass and the normalized deflections  

Level 𝑚𝑖  
(tones) 

 𝑑𝑖   
(m) 

 ∅𝑖   
(-) 

roof 652 0,025 1 

4 699 0,02 0,80 

3 699 0,016 0,64 

2 699 0,01 0,40 

1 699 0,004 0,16 

 

 
Fig. 11 Capacity curves for SDOF (red) and MDOF (blue) 

𝐸𝑚
∗ = strain energy corresponding to the formation of the first 

plastic hinge.  

𝑑𝑦
∗ = = displacement of SDOF system corresponding to the 

formation of the first plastic hinge:  𝑑𝑦
∗ = 2 (𝑑𝑚

∗ −  
𝐸𝑚

∗

𝐹𝑦
∗ ) 
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Fig. 12 Real and idealized capacities curves  

 
Fig. 13 Capacity SDOF curve (red - real and blue - idealized) 

 

      Determination of period for SDOF system (idealized with 

one degree of degrees of freedom):  

𝑇∗ = 2𝜋√
𝑚∗×𝑑𝑦

∗

𝐹𝑦
∗ = 2𝜋√

2050×31,35

4800×103  = 0,727𝑠  (3) 

      Determination of target displacement for SDOF: 

𝑑𝑒𝑡
∗ =  𝑆𝑒(𝑇) × (

𝑇∗

2𝜋
)

2

    (4) 

𝑆𝑒(𝑇) = 𝑎𝑔 × 𝛽(𝑇) = 0,30𝑔 × 2,75 = 8,093   (5) 

 

 𝑇𝐵 = 0,16 𝑠 < 𝑇∗ = 0,727𝑠 <  𝑇𝐶 = 1,6 𝑠 ⇒  
𝛽(𝑇∗) = 𝛽0 = 2,75    (6) 

𝑑𝑒𝑡
∗ =  8,093 × (

0,727

2𝜋
)

2

= 0,108 𝑚    (7) 

      When we have short periods (𝑇∗ < 𝑇) the elastic domain 

response is𝑑𝑡
∗ = 𝑑𝑒𝑡

∗ . 

      Determination of target displacement for MDOF - Finally, 

the moving target is obtained by the relation MDOF: 

𝑑𝑡 = Γ × 𝑑𝑡
∗        (8) 

𝑑𝑡 = Γ × 𝑑𝑡
∗ = 1,35 × 0,108 = 0,145 𝑚 = 145,8 𝑚𝑚 

      Displacement target 𝑑𝑡 = 0,15𝑚  is less than 0.179 m the 

ultimate displacement, on the capacity curve of the MDOF 

system. 

 

The resulted displacement ductility: 

𝑑𝑦 = 2 (179 − 
1004211

6494
) = 48,72 𝑚𝑚   (9) 

 

μ =
du

dy
=

0,179

0,0487
= 3,67     (10) 

𝛍 = 𝟑, 𝟔𝟕  

V. NONLINEAR STATIC ANALYSIS RESPONSES INTERPRETATION 

      The initial unaffected structure - Following the analysis it 

was found that: 

 Structure was properly conformed because the plastic 

hinges occurs first at the beams edges and then at the 

columns bases; 

 Until the target displacement is reach there are not occurred 

plastic hinges to endanger the safety of the building (the 

most requested items arrive to stage LS = Life Safety). The 

results for the whole structure can be interpreted in table 

2.14.2 capacity curve values (MDOF), knowing that step 5 

is the last one to obtain a smaller displacement than 

displacement target; 

 The structure develop plastic hinges for C – collapse stage 

for not much larger displacement than the target 

displacement d = 0.175 m> dt = 0.145 m. It is noted in step 

8, the first elements that reach the collapse stage are the 

marginal (central) and corner columns. The analysis of the 

three scenarios for generating local collapse (removing the 

corner, marginal and central columns) is justified. 

 
Step 2  𝑑 = 0,028𝑚 < 𝑑𝑡 = 0,145𝑚 

 
Step 4  𝑑 = 0,044𝑚 < 𝑑𝑡 = 0,145𝑚 

 
Step 5  𝑑 = 0,090𝑚 < 𝑑𝑡 = 0,145𝑚 
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Step 7  𝑑 = 0,162𝑚 > 𝑑𝑡 = 0,145𝑚 

 
Step 8  𝑑 = 0,175𝑚 > 𝑑𝑡 = 0,145𝑚 

 
Step 9 𝑑 > 𝑑𝑡 

 

The case of removed central column - Following the analysis 

it was found that:  

 At the column base (the column above the removed 

column) plastic hinge occurs from the first step (step 2 d = 

0.024 m);  

 At the beams above the removed column plastic hinges 

occurs corresponding to stage LS-CP (Life Safety-Collapse 

Prevention) before reaching the target displacement;  

 If the beams reach near the limit of CP or exceed, the 

structure is likely to have a progressive collapse;  

 Once reaching the target displacement in the beam above 

the removed column C plastic hinges occurs corresponding 

to collapse stage. 
 

 
Step 2  𝑑 = 0,024𝑚 < 𝑑𝑡 = 0,145𝑚 

 
Step 4  𝑑 = 0,044𝑚 < 𝑑𝑡 = 0,145𝑚 

 
Step 5  𝑑 = 0,086𝑚 < 𝑑𝑡 = 0,145𝑚 

 
Step 6  𝑑 = 0,145𝑚 = 𝑑𝑡 = 0,145𝑚 

 
Step 8  𝑑 = 0,175𝑚 > 𝑑𝑡 = 0,145𝑚 

 

The case of removed corner column - Following the analysis 

it was found that:  

 Structure behaves properly until the target displacement, 

the most requested structural elements arrive to stage LS = 

Life Safety;  

 After exceeding the target displacement next item to be 

damaged is the marginal (central) column, as can be seen 

in step 9 d = 0.175 m, at the column base a C-collapse 

plastic hinge occur. 
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Step 2  𝑑 = 0,026 𝑚 < 𝑑𝑡 = 0,145𝑚 

 
Step 6 𝑑 = 0,033𝑚 < 𝑑𝑡 = 0,145𝑚 

 
Step 8  𝑑 = 0,162 𝑚 > 𝑑𝑡 = 0,145𝑚 

 
Step 9  𝑑 = 0,175𝑚 > 𝑑𝑡 = 0,145𝑚 

 

The case of removed marginal column - Following the analysis 

it was found that:  

 As well as the disposal of the center column at the base of 

the column above the column removed the plastic hinge 

occurs (step 2 d = 0.024 m); 

 In the beams above the removed column plastic hinges 

occurs corresponding to LS-CP stage (Life Safety-Collapse 

Prevention) before reaching the target displacement; 

 In step 7 d = 0.144 m <dt = 0.145 m, at the beam above the 

removed column plastic hinges occurs to C - collapse stage. 

Immediately in the next step, this beam and the one above 

it reaches point D (section suffered major irreversible 

degradation and retains only a residual strength); 

 Compared to the situations described above (removing the 

corner column and removing central column), the case 

where the marginal column is damaged is the worst. 

 
Step 2  𝑑 = 0,0246𝑚 < 𝑑𝑡 = 0,145𝑚 

 
Step 4  𝑑 = 0,035𝑚 < 𝑑𝑡 = 0,145𝑚 

 
Step 6  𝑑 = 0,088𝑚 < 𝑑𝑡 = 0,145𝑚 

 
Step 7  𝑑 = 0,144𝑚 < 𝑑𝑡 = 0,145𝑚 𝑐𝑜𝑙𝑙𝑎𝑝𝑠𝑒 

 
Step 8  𝑑 = 0,107𝑚 < 𝑑𝑡 = 0,145𝑚 
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VI. FINAL CONSIDERATIONS 

 The linear and nonlinear static analysis found that higher 

structure (10 levels) has a better behavior in the three 

scenarios studied damage than the lower structure (5 

levels). 

 After removing the columns a redistribution of moments in 

the beams, adjacent to removed columns, observed. The 

tensile fiber is reversed in these elements so that when the 

field bending moments becomes larger and in many cases 

exceeds the moment resistance of the section. The mode of 

failure was characterized by breaking the bottom 

longitudinal reinforcement. 

 In the case of marginal removed column the level relative 

displacements are larger and are no longer in accordance 

within the allowable values prescribed in codes. 

 The joints above the removed columns have smaller 

displacement for 10 levels building than those with lower 

height (5 levels). 

 After removing the columns on the ground floor, the beams 

deflections fall within acceptable limits (f≤ fadm=0.0125 

m), excepting the case of marginal column removal at 5 

levels building. 

 Nonlinear static analysis (pushover) allows to have a 

clearer picture of the behavior of structures. 

 Analyzing the damaged structures by comparison, for 5 

levels building, it can be seen that when the corner column 

is removed, the structure has a behavior similar to the 

original (undamaged). The problems start to occur when 

eliminating marginal column because in the beams above 

it plastic hinges occurs suitable to stage C - Collapse before 

reaching the displacement target. In addition, in the column 

above the one removed several plastic hinges occurs which 

reach up to the stage LS = Life Safety. 

 Structures with 10 levels have a better behavior, but just as 

with 5 levels structures, removing the marginal column is 

the worst case. 
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Abstract— The current study aims at obtaining the influence 

of adding several nano-minerals on the mechanical properties of 

fresh and hardened concrete. Four types of Nano minerals were 

investigated in this work; namely: Brown Iron Oxide, Barium 

Sulfate, Titanium Dioxide and Poly Acrylic Acid. Five contents 

of each nano-minerals were studied. A range of contents starting 

from 0.5 % to 2.5 % with an increment of 0.5 % by cement 

content of Brown Iron Oxide and Barium Sulfate was 

investigated. The Titanium Dioxide and Poly Acrylic Acid were 

added to concrete in percentages of 1 % to 5 % with an 

increment of 1 % by cement content. Adding 5 % Poly Acrylic 

Acid to the other three nano-minerals at selected contents 

separately was also studied. The measured mechanical properties 

of concrete comprised slump value, 7 and 28 days compressive 

strength. Some of the results revealed that there was 24 % 

increase in the slump value corresponding to every 1 % increase 

in PAA content. An improvement of 6.9 % in the 28 days 

compressive strength was measured at every 0.5 % increase of 

Brown Iron Oxide. It was also found that by adding 5 % Poly 

Acrylic Acid and 2.5 % Brown Iron Oxide to the concrete at the 

same time, the slump increased from 90 mm to 170 mm (88.9 % 

increase) and the 28 days compressive strength improved from 

37.37 kg/cm2 to 49.35 kg/cm2 (32.1 % increase). 

Keywords-Nano-Minerals, Brown Iron Oxide, Barium Sulfate, 
Titanium Dioxide and Poly Acrylic Acid, Concrete Strength, 

Slump.  

I.  BACKGROUND 

The recent studies on nano-materials and nano-technologies 
have indicated the potential use of these materials in various 
fields of civil engineering, especially in concrete technology. 
This is due to the fact that concrete is a macro-material 
strongly influenced by its nano-properties. The use of nano 
materials would improve the various characteristics of 
concrete, such as workability, strength, durability [1,2,3,4].  

However, there is still a lack of knowledge concerning the 
suitable nano-materials for construction and their behavior; a 
lack of specific standards for design and execution of the 
construction elements using nano-materials; a lack of detailed 
information regarding the nano-products content; high costs; 
the unknows of health risks associated with nano-materials. 
Therefore more researches are to be conducted to overcome 
this lack of knowledge and information [1,4]. 

Nano-material is defined as materials with at least one 
external dimension in the size range from approximately 1-
100 nanometers. Nanoparticles are objects with all three 
external dimensions at the nano scale. Engineered nano-
particles are intentionally produced and designed with very 

specific properties related to shape, size, surface properties 
and chemistry. The behavior of nanomaterial may depend 
more on surface area than particle composition itself. The 
relative-surface area is one of the principal factors that 
enhance its reactivity, strength and electrical properties [5,6]. 

Shekari and Razzaghi, [7] concluded that nano particles 
can be very effective in improvement of both mechanical 
properties and durability of concrete. The use of nano ZrO2, 
Fe3O4, TiO2 and Al2O3 with constant content enhanced the 
mechanical properties of fresh and hardened concrete as 
compressive strength, indirect tensile strength and durability. 
Jalal, Fathi and Farzad [8] indicated that the use of 15 % fly 
ash and 5% TiO2 by cement weight enhances the mechanical 
properties of fresh and harden concrete as concrete flow, 
durability, compressive strength, flexure strength, and indirect 
tensile strength.  

Karatasios, Kilikoglou, Theoulakis, Colston and Watt [9] 
showed that the use of Barium hydroxide in concrete increases 
the durability of hardened concrete against sulphate attack. 
Mermerdaş, Güneyisi, Gesoğlu, Özturan [10] proved that 
adding meta-kaolin in concrete mixture decreases the drying 
shrinkage and weight loss of concrete. Hyun-Soo, Jae-Yong 
and Myoung-Youl [11] added 4 % Iron Oxide by cement 
content to the concrete mixture. An improvement in the 
compressive and flexural strength of concrete was measured. 
Al Mishhadani, Ibrahem and Naji [12] studied the effect of 
nano-metakaolin on compressive strength, splitting tensile 
strength of concrete. The ordinary Portland cement was 
substituted by 3%, 5% and 10% by cement weight of nano-
metakaolin. The results indicated that the compressive 
strength and splitting tensile strength of concrete with nano-
metakaolin were significantly higher than that of the 
corresponding control values. 

Yu, Spiesz and Brouwers [13] investigated the effect of 
nano-silica on the hydration and microstructure development 
of Ultra-High Performance Concrete (UHPC) with a low 
binder amount. They found with the addition of nano-silica, 
the hydration of cement can be promoted and more C–S–H gel 
can be generated. They also noted that the nano-silica allows 
more air entrapped in the mix and hence increase in porosity 
of the hardened concrete. They concluded that there should be 
an optimum amount of nano-silica for the production of 
UHPC with the lowest porosity, at which the positive effect of 
the nucleation and the negative influence of the entrapped air 
can be balanced. 

Sharobim and Mohammedin [14] investigated the effect of 
Nano-liquid on the mechanical and physical properties of 
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hardened concrete such as water permeability, absorption, 
abrasion resistance, compressive strength, indirect tensile 
strength and flexural strength. Nano-liquid was sprayed on the 
dry surface of hardened concrete specimens two days before 
testing. The results show that Nano-liquid can reduce the 
water absorption and coefficient of permeability of concrete. 
Also, it can improve the abrasion resistance of concrete, but it 
has no effect on concrete strength. 

II. AIM AND OBJECTIVES 

The aim of the current study is to obtain the influence of 
several Nano minerals on the mechanical properties of fresh 
and hardened normal strength concrete. Four types of Nano 
mineral materials were investigated in this work; namely: 
Brown Iron Oxide (Fe2O3/Fe3O4 ≥ 93%), Barium Sulfate 

(BaSO4) and Poly Acrylic Acid ((C8H8.C3H4O2)x). The tested 

mechanical properties of concrete comprised slump value, 7 
days and 28 days compressive strength.    

III. EXPERIMENTAL PROGRAM 

An experimental program was design to achieve the aim 
and objective of the current research. Normal strength 
concrete was utilized to investigate the effect of the selected 
Nano minerals (NMs) on concrete. The following paragraphs 
explain the properties of the selected NMs and the concrete 
constituents.  

A. Nano Mineral 

Four types of NM materials were selected for the current 
work, namely: Brown Iron Oxide (Fe2O3/Fe3O4≥ 92 %), Barium 
Sulfate (BaSO4), Poly Acrylic Acid ([C8H8.C3H4O2]x) and 
Titanium Dioxide (TiO2). Table I presents the characteristics 
of these four NM materials. 

Table I. Characteristics of the Selected NM materials 

Item 

Brown 

Iron 
Oxide 

Barium 

Sulfate 

 

Titanium 
Dioxide 

Poly 

Acrylic  
Acid 

Appearance Brown white white White 

Toxicity Not toxic Not toxic Not toxic Not toxic 

Residue on  

45 m 
0.30 - 0.05 max - 

Normal 
Size, nm 

< 100 < 100 <100 <100 

PH-Value 7 6.5-8.0 7 - 8.5 9-10 

Density,  

g/ cm3 
4.8 4.5 

4.23 to 

3.78 
1.08 

Iron oxide is a Nano mineral which has particles diameters 
ranging between 1 and 100 nanometers. The two main forms 
of iron are magnetite (Fe3O4) and its oxidized form magnetite 
(γ-Fe2O3). Iron oxides produced from ferrous sulfate by heat 
soaking, removal of water, decomposition, washing, filtration, 
drying and grinding. They produced in either anhydrous or 
hydrated forms. Their range of hues includes yellows, reds, 
browns and blacks. The one which used in this study is the 
Brown Iron Oxide (BIO) 

The second NM minerals which applied in this work is the 
Barium Sulfate, BaSO4 (BS). It is s white crystalline solid 
which is odorless and insoluble in water. It occurs as the 
mineral barite, which is the main commercial source of barium 
and materials prepared from it. The white opaque appearance 
and its high density was exploited in its main applications. 

The Poly Acrylic Acid (PAA) is component from pure 
acrylic emulation, which used in paint manufacturing. In this 
research, the product XL-800 is used which has good weather 
resistance, pulverization resistance and color change resistant 
properties. This is because the polymer membrane has 
excellent balance between internal cohesion and adhesion. 

The Titanium Dioxide (TiO), also known as titanium (IV) 
oxide or titania, is the naturally occurring oxide of titanium. 
Generally it is sourced from Ilmenite, Rutile and Anatase.  

B. Concrete Consitutients 

The physical and chemical characteristics of the Portland 
cement were performed. The results of the cement tests were 
conformed with the standards of ASTM C191 [15] , C109 [16] 
and C204 [17]. The initial setting time and final setting time 
were 105 minutes and 315 minutes, respectively. The Blain 
fineness was 3035 cm

2
/g. The 3 and 7 days mortar 

compressive strength were 13.5 MPa and 29.6 MPa, 
respectively. 

The sieve analysis of fine and coarse aggregate was made 
according to ASTM C136 [17], the result was listed in the 
Table II. The fineness modulus of sand is 2.504. The average 
Saturated Surface Dry (SSD) specific gravity is 2.61. The 24 
hours absorption of coarse and fine aggregates were 1.51% 
and 1.27 %, respectively.  The Flakiness, soundness and 
elongation of coarse aggregate were found to satisfy the 
relevant ASTM standards. Drinkable water was used in 
preparation of all performed concrete mixes. 

Table II. Size Analysis of Fine and Coarse Aggregate 

Sieve Size, 

mm 

Crushed Aggregate 

Coarse  Fine 

Fooliya Adasiya Simsimya Sand 

37.5 100.00    

25 92.60    

19 77.44 100.00   

12.5 33.78 56.03 100.00  

9.5 10.27 21.83 95.51  

4.75 0.80 2.33 20.54  

2.36 0.27 0.37 0.71 100.00 

1.19   
 

88.40 

0.6    41.60 

0.15    2.00 

0.075    
 

C. Mix design 

The mix proportioning of the normal concrete was carried out 

based on the ACI 211.1 [18]. The target cubic compressive 

strength was 30 MPA, the max. aggregate size was 25 mm, the 

target slump was between 75 to 100 mm. The coarse and fine 

aggregate were blended to satisfy the ASTM gradation curves. 

Table III includes the adjusted proportions of the normal 

concrete mixes. 

D. Testing Program 

The influence of the selected NMs on the mechanical 
properties of fresh and hardened concrete was obtained by 
adding 5 percentages of each NM materials by cement content 
in addition to the control mix (0% NM). Table IV presents the 
proportions of the NM added to the control mix. 
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Table III. adjusted Proportions of Concrete Mixes 

Item Weight, Kg/ 1m
3
 Volume, m

3
 

Entrapped  air  0 0.0150 

Water/cement 0.569 - 

Water 182 0.1650 

Cement 320 0. 1016 

Coarse aggregate 1161 0.4519 

Fine aggregate 687 0.2665 

Total 2350 1.000 

Two additional mixes were prepared by adding 5% of 
PAA material by cement weight to the control mix. Then, 2.5 
% of BIO by cement weight was added to the first mix and 2.5 
% of BS by cement weight to the second mix. This was carried 
out in order to investigate the effect of using more than one 
NM at a time. 

Table IV. Proportions of NM with the Control Mix 

 Mix BIO BS PAA TiO 

Constituents 
 

5 mixes for each NM 

% NM, 0.5% or  

1 % increment 

(inc.) 

0% 
0.5 to 2.5 

(0.5 % inc.) 

1 to 5 

(1 % inc.) 

NM weight, kg - 1.6 to 8.0 3.2 to 16 

Cement, kg 320 320 320 

Water, kg 182 182 182 

Fooliya, kg 468 468 468 

Adasiya, kg 374 374 374 

Simsimiya, kg 318 318 318 

Sand, kg 687 687 687 

E. Mixing and Curing Process 

The concrete was mixed according to Standard Method of 
Making and Curing Test Specimens in the Laboratory ASTM   
C 192 [19]. The dry NMs were blended first with the cement 
powder, while the liquid NM was added to the mixing water. 
The 100×100×100 mm cubes were used to prepare the 
concrete specimens. All concrete specimens were left in their 
molds for about 20 to 40 hours. Then, they stripped off from 
the molds and put in the standard curing tank at 20 

o
C ± 4

o
C 

until time of testing. 

F. Testing of Specimens 

The fresh properties of the prepared concrete mixes, with 
and without NM were obtained by measuring the slump value 
in accordance with ASTM C143[20]. The 7, 14 and 28 days 
compressive strengths were carried out on standard cubes of 
size 100 mm using 3000 kN compressive testing machine in 
accordance with ASTM C39 [21]. The compression test was 
performed using a loading rate ranging between 0.15 to 0.35 
MPa/s.  

IV. RESULTS AND DISCUSSION 

The slump, 7 and 28 days compressive strength were 
measured and discussed, as presented in the following 
paragraphs. 

A. Slump Values 

The slump values of the concrete specimens having BIO, 
BS, PAA and TiO NM are presented in Fig. 1. The slump of 
concrete specimens with 1 % BIO and 1 % BS by cement 
weight do not show any significant increase, beyond which a 6 
% increase in slump was measured for every percent increase 
in BIO and BS. A similar finding was observed with the 
addition of TiO.  

A significant increase in slump was measured in concrete 
specimens with PAA. An average of 24% increase in slump 
with every percent increase in PAA in concrete was obtained. 
Therefore, the optimum percent of PAA with concrete with 
depend on the degree of workability required by the job. 

 
Fig. 1. Slump of BIO, BS, PAA and TiO Mixs 

B. 7 Days Compressive Strength 

The 7 days compressive strengths of the concrete 
specimens having BIO, BS, TiO and PAA are shown in Fig. 2. 
Fig. 2 indicated that there was an increase of about 6.4 % and 
3.4 % in the 7 days compressive strength of concrete 
specimens at every 0.5 % increase in BIO and BS 
respectively. This finding was observed at the five increments 
of BIO and BS, namely, 0.5, 1, 1.5, 2 and 2.5 % contents. 

 
Fig. 2. The 7 Days Compressive strength of NM Mixes. 
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An addition of 1 % TiO and 1 % PAA by cement weight to 
concrete gave 18.5 % and 6.3 % improvement in the 7 days 
compressive strength, respectively. However, this gain in 
strength started to decrease beyond 1 % content of TiO and 1 
% PAA with a decreasing rate of 1.34 % and 0.7 % 
respectively at each 1% increment. At the maximum percent 
used of TiO and PAA (5 % by cement weight), the strength 
was equal to or slightly above the control value. It means that 
there was no overall decrease in the strength. 

C. 28 Days Compressive Strength 

Fig. 3 presents the 28 days compressive strength of the 
BIO, BS, TiO and PAA concrete specimens. An improvement 
of 6.9 % and 3.0 % in the 28 days strength was obtained at 
every percent increase of BIO and BS in the concrete, 
respectively. In the current study, The total improvement 
obtained in the 28 days strength at 2.5 % of BIO and BS by 
cement weight was 34.3 % and 15.2 %, respectively. 

 
Fig. 3. The 28 Days Compressive strength of NM Mixes. 

Similar to the results of the 7 days strength, the maximum 
strength was obtained at 1% PAA and 1 % TiO by cement 
weight in the concrete, i.e. 3.6 % and 16 %, respectively. As 
PAA and TiO contents increased by 1 % increments up to 5 
%, there was a loss in the gained strength. At 5 % content of 
TiO, the 28 days strength was still higher than that of the 
control specimen (without NM) by 7.5 %. At about 3.5 % of 
PAA, the strength which was gained at 1% content was lost, 
and the strength was equal to the strength of the control 
specimen. 

D. Results of Adding PAA to Other N-M materials 

The effect of adding two of the applied NM at a time on 
the concrete properties was obtained. These samples 
comprised specimens with 5 % PAA + 2.5 % BIO, specimens, 
5 % PAA + 1 % TiO and specimens with 5 % PAA + 2.5 % 
BS. The idea behind using 5 % PAA in these specimens is to 
benefit from the significant influence of PAA on slump. The 
slump, 7 and 28 days compressive strength of the specimens 
having two NMs at a time are indicated in Table VI. 

Table VI reveals that when adding 5 % PAA to 2.5 % BIO, 
the slump enhanced from 105 mm (for BIO alone) to 170 mm, 
without losing the obtained improvement in the 28 days 
compressive strength. It means that by adding 5 % PAA to the 
2.5 % BIO speciemns, the slump increased from 90 mm to 170 
mm (88.9 % increase) and the 28 days compressive strength 
improved from 37.37 kg/cm

2
 to 49.35 kg/cm

2
 (32.1 % 

increase). 

Table VI. Slump and 28 Days Compressive Strength of 

BIO+PAA, TiO+PAA and BS+PAA Specimens 

Concrete mix Slump, mm 
28 days compressive 

strength, kg/cm2 

Control mix 90 37.37 

 BIO + PAA 

2.5 % BIO 105 50.19 

5% PAA 210 36.34 

2.5 % BIO + 

5% PAA 
170 49.35 

 TiO + PAA 

1 % TiO 100 40.15 

5% PAA 210 36.34 

1 % TiO + 

5% PAA 
145 44.12 

 BS + PAA 

2.5 % BS 108 43.03 

5% PAA 210 36.34 

2.5 % BS + 

5% PAA 
150 39.29 

Table VI showed also the results obtained when adding 5 
% PAA to the 1 % TiO specimen (which is the optimum 
content for this type of NM). The slump was increased from 
100 mm (for TiO alone) to 145 mm (45 % enhancement). At 
the same time, the 28 days compressive strength increased 
from 40.15 kg/cm

2
 to 44.12 kg/cm

2
 (9.9 % increase. In total, 

adding 5 % PAA to the 1 % TiO specimen increased the 
slump from 90 mm to 145 mm (61.1 % increase) and the 28 
days compressive strength improved from 37.37 kg/cm

2
 to 

44.12 kg/cm
2
 (18.1 % increase). Finally, The results of adding 

5 % PAA to the 2.5 % BS specimen are also presented  in 
Table VI. In this case, the slump increased from 108 mm (for 
BS alone) to 150 mm with 5 % PAA and 2.5 % BS. A slight 
reduction of 8.6 % in the 28 days compressive strength was 
observed when adding 5 % PAA to the 2.5 % BS specimen. 
However, adding 5 % PAA to the 2.5 % BS specimen slightly 
enhanced the 28 days from 36.34 kg/cm

2
 to 39.29 kg/cm

2
 (8.1 

% increase). 

V. CONCULSIONS 

The influence of several nano-minerals on the fresh and 
hardened properties of concrete was obtained. These nano-

minerals comprised Brown Iron Oxide, Barium Sulfate, 
Titanium Dioxide and Poly Acrylic Acid. Five contents of 
each nano-mineral were studied. A range of contents starting 
from 0.5 % to 2.5 % by cement weight with an increment of 
0.5 % of Brown Iron Oxide and Barium Sulfate was 
investigated separately. The Titanium Dioxide and Poly 
Acrylic Acid were also added separately to concrete in 
percentages from 1 % to 5 % by cement weight with an 
increment of 1 %. The addition of 5 % Poly Acrylic Acid to 
the other three nano-minerals separately at selected contents 
was also studied. The following conclusions can be drawn 
from the analysis of the measured results: 

1- The slump of the concrete specimens with 1 % BIO 

and specimens with 1 % BS by cement weight do not 

show any significant change, beyond which an 

increase in slump of about 6 % was measured for 

every percent increase in BIO and BS.  
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2- A similar finding of those specimens with BIO and 

specimens with BS was also observed with the 

addition of TiO.  

3- A significant increase in slump was measured in 

concrete specimens with PAA. An average of 24% 

increase in slump with every percent increase in PAA 

was obtained. 

4- There was an also increase of 6.4 % and 3.4 % in the 

7 days compressive strength of concrete at every 0.5 

% increase in specimens with BIO and specimens 

with BS respectively. 

5- The addition of 1 % TiO and 1 % PAA by cement 

weight to concrete gave 18.5 % and 6.3 % 

improvement in the 7 days compressive strength, 

respectively. This gain in strength started to decrease 

beyond the 1 % TiO and 1 % PAA with a decreasing 

rate of 1.34 % and 0.7 % respectively at every 1% 

increment of these NM. 

6- An improvement of 6.9 % and 3.0 % in the 28 days 

strength was measured at every percent increase of 

BIO and BS to the concrete, respectively. The total 

improvement obtained in the 28 days strength at 2.5 

% of BIO and 2.5 % BS by cement weight was 34.3 

% and 15.2 %, respectively. 

7- The maximum strength of 3.6 % and 16 % for the 

PAA specimens and TiO specimens was obtained at 

1% content of each of them, respectively. Beyond 

this 1 % content of PAA and TiO, there was a loss in 

the gained strength. 

8- The addition of 5 % PAA to the 2.5 BIO specimens 

increased the slump from 90 mm to 170 mm (88.9 % 

increase) and improved the 28 days compressive 

strength from 37.37 kg/cm
2
 to 49.35 kg/cm

2
 (32.1 % 

increase). 

9- By adding 5 % PAA to the 1 % TiO specimens, the 

slump increased from 90 mm to 145 mm (61.1 % 

increase) and the 28 days compressive strength 

improved from 37.37 kg/cm
2
 to 44.12 kg/cm

2
 (18.1 

% increase). 

10- Adding 5 % PAA to the 2.5 % BS specimens gave an 

increase in slump from 108 mm (for BS alone) to 150 

mm with 5 % PAA and 2.5 % BS together. Also, a 

slight enhancement of 8.1 % was obtained in the 28 

days compressive strength. 
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Abstract— Shallow foundations are underpinned mainly to
prevent harmful settlement, to enhance bearing capacity, or for
seismic retrofit. A new jet grouted anchors is attached to the
existing superstructure, often by means of an even highly
complex load transfer structure. Vertically oriented steel ground
anchor is frequently used to restrain various types of foundation
elements (spread footing, mats, slabs on grade, etc.). In this study,
the effect of different orientation anchor on foundation behavior
under upward load is investigated by finite element analysis.
Meanwhile, this technique influence on settlement of foundation
also explored. Based on FEM results, anchoring could have a
significant influence on the displacement and bearing capacity of
the shallow foundation and its efficiency depends on anchor
inclination, considerably.

Keywords—foundation retrofitting; anchor; uplift; bearing
capacity component

I. INTRODUCTION

The need for foundation underpinning arises as when it is
desirable to reduce the settlement or restrain uplift of
structures. In addition, the load-bearing capacity of
foundations may require enhancement because of increased
loads due to, for instance, the construction of an additional
floor ([1]-[3]).

During different periods, various underpinning techniques
have been applied ([4] and [5]). Until the 1980s,  the methods
used included, in particular, foundation extension by
deepening and broadening, different kinds of pile work, soil
nailing, and chemical grouting ([6]-[9]). Soil or ground
anchors are a lightweight foundation system designed and
constructed to resist any uplifting force. Vertical uplift forces
may be generated by hydrostatic or overturning forces. The
method is used in underwater applications where the structure
has insufficient dead weight to counteract the hydrostatic
uplift forces.  An example application of ground anchors to
resist uplift forces is shown in fig. 1a. Also, existing structures
may require additional stabilization to meet current safety
standards with respect to maximum flood and earthquake
requirements.  Anchors provide additional resistance to
overturning, sliding, and earthquake loadings (Fig. 1b).

The advantage of ground anchors for tiedown structures
include: (1) the volume of concrete in the slab is reduced
compared to a dead weight slab; and (2) excavation and/or
dewatering is reduced [10].

a

b
Fig. 1. Applications of ground anchor in tiedown structures: a) Uplift

slab, b) Tower foundation.

Experimental-based or numerical–theoretical-based studies
are made to find the behavior of soil anchors. Kulhawy, 1985
presented an equation for evaluating uplift capacity as bellow:

Qsu = π D (KN/K0 i=1) (σ′V) i (K0)i tan[φi (δ/φ)i]Δzi (1)

Where: Δzi = thickness of layer i, D = anchor diameter,
and K/Ko = stress modification factor to adjust for
construction influences.  The remaining parameters are
evaluated at the mid-depth of each layer: σ′V = vertical
effective stress,  δ = effective stress angle of friction for the
shear surface interface, Ko = in-situ horizontal stress
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coefficient, and φ = effective stress friction angle for the soil.
The anchor depth and perimeter terms are computed simply
from the anchor geometry, while the vertical effective stresses
are computed from the effective soil unit weight [11]. Saeedy
(1987) indicates that the greater the value of H/D (height to
diameter of anchor) the higher the uplift resistance, but with a
decreasing rate until a constant value of uplift force is reached
[12]. Dickin and Laman (2007) by using physical and
computational studies concluded that the uplift maximum
resistances increase with anchor embedment ratio and sand
packing [13]. Khatri and Kumar (2011) Founded that with a
decrease in anchor width the average ultimate uplift pressure
decreases quite significantly [14]. Bera and Banerjee (2013)
conducted a series of model tests to investigate the influence
of relative density (Dr) of sand, the ratio of embedment depth
(H) of anchor to diameter (D) of bell of anchor, anchor
diameter, and types of sand on uplift capacity of bell-shaped
anchor embedded in sand. They also developed an empirical
model to predict breakout factor (Fq) of bell-shaped anchor
embedded in sand in terms of H/D ratio and relative density
(Dr) [15].

Ground anchored has been achieved considerable attention
in the literature. However, there is little information on the
effect of inclined anchors on shallow foundations. The
purpose of this paper is to investigate the effect of anchoring
and its inclination on the improvement of bearing capacity and
displacement of circular foundation under the both upward
and downward loaded by FE analysis.

II. ANALYSIS PROCEDURE

In order to evaluate the effects of anchor inclination on
foundation deformation the finite element analysis performed
using Plaxis 8.5 software with axis-symmetric model. The size
of model in X and Y direction is considered greater than 2.5D
and 5D, respectively, that satisfy Bowles recommendation
[16]. Six models provided to analyze, one models for
foundation without anchor, and the others assigned to the
circular foundation with different slope of anchor (m) that are
0.5, 1.0, 2.0, 4.0 and vertical (Fig. 2). The dimensions of the
R, anchor and grouted length are chosen as 1, 3 and 1.25 m.

The 15-node triangular elements are used to model the soil
and other volume clusters. Analysis is performed under load
control by a vertical distributed load boundary condition
applied to the soil surface below the position of the circular
foundation (Fig. 3).

The elastic-perfectly plastic Mohr-Coulomb model was
used for modeling the behavior of sand. This model involves
five input parameters; modulus of elasticity (E) and poison’s
ratio ( ) for soil elasticity, angle of internal friction (φ) and
effective cohesion (C) for soil plasticity and dilatancy angle
(ѱ). Table 1 and 2 presented the properties of sand and grout,
respectively.

Fig. 2. Geometry of model and anchors orientation.

Fig. 3. Meshed geometry

TABLE I. SAND PROPERTIES

Material model φ (o) C (kPa) ѱ (o) γ (kN/m3) υ E(kN/m2)
Mohr-Coulomb 34 1 4 17 0.3 30000

TABLE II. GROUT PROPERTIES

Material type EA (kN/m)
Elastic 100000
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III. RESULTS

A. Upward load

In order to determine the ultimate uplift capacity of
anchored foundation in sand, the tangent method was used.
From the load-displacement curves by this method, the
ultimate anchor capacity is determined at the intersecting point
of two tangent lines that pass through the starting and end
portions of the curve ([17] and [18]). All models were
analyzed and upward load-displacement curves for each model
were plotted (Fig.3).

Fig. 4 shows that the installations of anchorage increase
the bearing capacity of foundation under the upward load,
significantly. It’s obvious that the anchor with more
inclination (i.e. vertical and m=4), present the more
displacement before failure.

Fig. 5 compares the uplift bearing capacity of anchored
circular foundation for different anchor inclination. It’s
observed that, as the anchor inclination increases up to about
m=2, the uplift bearing capacity increases. With further
increase in inclination, the bearing capacity is decreased;
however, the ultimate bearing capacity of anchored foundation
is more than the non-anchored foundation. Aforementioned
figure shows that among the anchored foundations, vertical
and m=2 orientation of anchor have minimum and maximum
effect on increasing uplift bearing capacity, respectively.

Fig. 4. Displacement vs. stress of foundation with different anchor inclination
under upward loading.

Fig. 5. Uplift bearing capacity of non-anchored and anchored foundation

B. Downward load

Fig. 6 indicated that anchors have not considerable effect
on improvement of bearing capacity of foundation under the
downward loads. However, the anchoring decreases the
foundation settlements, noticeably. As apparent, the m=1
slope is most appropriate orientation for limiting the
foundation settlement and the difference of various foundation
settlement increases as load increased.

Fig. 7 presents the settlement of non-anchored and
anchored foundations with different anchor inclination under
160 kPa load. As clear, by increasing the slope of anchor up to
m=1, settlement decreases and after this threshold increases.

Fig. 6. Settlement vs. Stress of foundation with different anchor
inclination under the downward loading.
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Fig. 7. Settlement versus non-anchored and anchored foundation with
different inclination of anchors.

IV. CONCLUSION

Based on results obtained from the numerical study carried
out on circular foundation witch anchored with different
inclination in sand, the following conclusions are drawn:

Presence of anchor enhances the uplift bearing capacity of
foundation and its efficiency depends on anchor inclination,
significantly. Bearing capacity of foundation increases by
increasing the slope of anchors up to m=2 (slope: 2 vertical –
1horizontal) and after this threshold decreases. However, the
strength of anchored foundations is more than the non-
anchored cases.

Among the anchored foundations, vertical and m=2
orientation of anchor have minimum and maximum effect on
increasing uplift bearing capacity, respectively.

Anchors have not significant effect on the improvement of
bearing capacity of foundation under the downward loads.
However, the anchoring decreases the foundation settlements,
prominently. By increasing the slope of anchor up to m=1
(1:1), settlement decreases and after this threshold increases.
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Abstract—The increasing use of geotextile-reinforced soil
systems for important earth structures requires proper
understanding of their behaviour and validation of the
assumptions in their design. This paper investigates the shear
modulus of saturated reinforced sand throughout the undrained
cyclic triaxial tests. The cyclic triaxial tests are conducted on
remolded specimens which reinforced by different arrangement
of non-woven geotextile. The tests results indicate that the
geotextile reinforcement increase Gmax of saturated silty sand and
Gmax increased as the geotextile layer increased. It is also
concluded that as the geotextile close to the top of the specimen
(load applying part) the maximum shear modulus increased and
by increasing space between geotextile and cap of the sample, the
reinforcement effect on Gmax decreases.

Keywords— Dynamic Behavior; Reinforced Sand; Triaxial
Test; Geotextile; Shear Modulus

I. INTRODUCTION

Soil reinforcement is one of the improvement methods in
which tensile elements are set into the soil body to compensate
the soil weakness in tension. Although examples of reinforced
soils can be seen in ancient structures, it was only in the
1960’s that the modern concepts of composite soil-inclusion
material were developed. Steel strips or meshes were primarily
being used as inclusions before geosynthetics appeared within
the last two decades. Since 1970s, the use of geotextile as
reinforcement has become more popular due to a more
satisfactory performance compared with metal reinforcement,
which has been reported in several instances [1]. The reason is
that geotextiles or synthetic fabrics have relatively low
stiffness compared to that of metals. Thus, they are more
compatible with soil in view of deformability. Currently, three
main geosynthetic families of products are used as soil
reinforcement: geogrids, geotextiles, and synthetic fibers.
Geotextile reinforced structures are increasingly being used in
a wide range of applications, such as transportation
infrastructures, coastal protection, slope stabilization,
embankment dams, retaining walls and also in preventing
liquefaction of sand deposits [2]-[7]. These structures are
subjected to various loading conditions including dynamic or
cyclic loads. The most important parameters in evaluation of
dynamic behavior of aforementioned soil structures are and

axial modulus. The locus of points corresponding to the tips of
hysteresis is loops of various cyclic strain amplitudes is called
a backbone (or skeleton) curve (Fig. 1); its slope at the origin
(zero cyclic strain amplitude) and certain cyclic strain
amplitude  represent the largest value of the shear modulus,
Gmax and secant shear modulus Gsec, respectively [8].
Similarly, according to Fig. 2, maximum elastic modulus
(Emax) and Esec estimated by slope of deviatoric stress σd versus
axial strain ε, [9].

The present study is aimed at obtaining a better
understanding of shear modulus during cyclic undraind
loading of geotextile reinforced saturated sand. This study
included a number of undrained cyclic triaxial tests on
Firouzkuh #161 sand samples reinforced with different
arrangement of geotextile, to characterize the role played by
this inclusion on the shear and axial modulus.

Fig. 1. Backbone curve showing the typical value of Gmax and Gsec [8].

Fig. 2. The Emax and Esec difination in hysteresis loop of deviatoric stress σd

versus axial strain ε [9].

Influence of geotextile reinforcement on shear
modulus of saturated sand

Reza Ziaie Moayed
Associate Professor, Civil Engineering Dept. Imam Khomeini

International University,
Qazvin, Iran

R_Ziaie@ikiu.ac.ir

Mahdi Alibolandi
Instructor, Sama Technical and Vocational Training College,

Islamic Azad University, Andisheh Branch,
Andisheh, Iran

Eng.Alibolandi@gmail.com

Abstract—The increasing use of geotextile-reinforced soil
systems for important earth structures requires proper
understanding of their behaviour and validation of the
assumptions in their design. This paper investigates the shear
modulus of saturated reinforced sand throughout the undrained
cyclic triaxial tests. The cyclic triaxial tests are conducted on
remolded specimens which reinforced by different arrangement
of non-woven geotextile. The tests results indicate that the
geotextile reinforcement increase Gmax of saturated silty sand and
Gmax increased as the geotextile layer increased. It is also
concluded that as the geotextile close to the top of the specimen
(load applying part) the maximum shear modulus increased and
by increasing space between geotextile and cap of the sample, the
reinforcement effect on Gmax decreases.

Keywords— Dynamic Behavior; Reinforced Sand; Triaxial
Test; Geotextile; Shear Modulus

I. INTRODUCTION

Soil reinforcement is one of the improvement methods in
which tensile elements are set into the soil body to compensate
the soil weakness in tension. Although examples of reinforced
soils can be seen in ancient structures, it was only in the
1960’s that the modern concepts of composite soil-inclusion
material were developed. Steel strips or meshes were primarily
being used as inclusions before geosynthetics appeared within
the last two decades. Since 1970s, the use of geotextile as
reinforcement has become more popular due to a more
satisfactory performance compared with metal reinforcement,
which has been reported in several instances [1]. The reason is
that geotextiles or synthetic fabrics have relatively low
stiffness compared to that of metals. Thus, they are more
compatible with soil in view of deformability. Currently, three
main geosynthetic families of products are used as soil
reinforcement: geogrids, geotextiles, and synthetic fibers.
Geotextile reinforced structures are increasingly being used in
a wide range of applications, such as transportation
infrastructures, coastal protection, slope stabilization,
embankment dams, retaining walls and also in preventing
liquefaction of sand deposits [2]-[7]. These structures are
subjected to various loading conditions including dynamic or
cyclic loads. The most important parameters in evaluation of
dynamic behavior of aforementioned soil structures are and

axial modulus. The locus of points corresponding to the tips of
hysteresis is loops of various cyclic strain amplitudes is called
a backbone (or skeleton) curve (Fig. 1); its slope at the origin
(zero cyclic strain amplitude) and certain cyclic strain
amplitude  represent the largest value of the shear modulus,
Gmax and secant shear modulus Gsec, respectively [8].
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loading of geotextile reinforced saturated sand. This study
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compatible with soil in view of deformability. Currently, three
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II. EXPERIMENTAL APPARTUS AND MATERIAL USED

A. Cyclic Triaxial Setup
Specimens were tested in a cyclic triaxial device. The

device is instrumented with LVDT, a load cell, pore pressure
and a cell pressure transducer and a computer controlled data
acquisition system (Fig. 3).

B. Material Used

Sand
The sand used in this study is Firouzkuh #161 crushed

silica sand. This type of sand has a golden yellow color and
has a uniform aggregation, which henceforth briefly named
Firouzkuh Sand (Fig. 4). Toyoura and Sengenyama standard
sands that their characteristics are described in this paper were
compared to Firouzkuh sand (Table1). Grain size distribution
curves of the last two mentioned sands are presented in Fig. 5.

Fig. 3. Cyclic triaxial device set

Fig. 4. Magnified picture of Firouzkuh sand grains.

Fig. 5. Grain size distribution curve of Firouzkuh sand compared with the
curves.

TABLE I. FIROUZKUH SAND PHYSICAL CHARACTERISTICS AND
COMPARING WITH TOYOURA AND SENGENYAMA

Sand type Firouzkuh #161 Toyoura Sengenyama

Gs 2.685 2.65 2.72

emax 0.94 0.97 0.91

emin 0.60 0.597 0.55

D50 (mm) 0.27 0.17 0.27

Cu 1.87 - -

Cc 0.88 - -

Geotextile
Table 2 presents the properties of this non-woven PET

geotextile. The picture of geotextile is shown in Fig. 6.

TABLE II. GEOTEXTILE PROPERTIES

Properties ASTM method Quantity

Unit weight D-5261 500  gr/m2

Thickness D-5199 3.5  mm

Puncture strength D-4833 1100  N

Wide width tensile
strength D-4595 23.1  kN/m
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device is instrumented with LVDT, a load cell, pore pressure
and a cell pressure transducer and a computer controlled data
acquisition system (Fig. 3).

B. Material Used

Sand
The sand used in this study is Firouzkuh #161 crushed

silica sand. This type of sand has a golden yellow color and
has a uniform aggregation, which henceforth briefly named
Firouzkuh Sand (Fig. 4). Toyoura and Sengenyama standard
sands that their characteristics are described in this paper were
compared to Firouzkuh sand (Table1). Grain size distribution
curves of the last two mentioned sands are presented in Fig. 5.

Fig. 3. Cyclic triaxial device set

Fig. 4. Magnified picture of Firouzkuh sand grains.

Fig. 5. Grain size distribution curve of Firouzkuh sand compared with the
curves.

TABLE I. FIROUZKUH SAND PHYSICAL CHARACTERISTICS AND
COMPARING WITH TOYOURA AND SENGENYAMA

Sand type Firouzkuh #161 Toyoura Sengenyama

Gs 2.685 2.65 2.72

emax 0.94 0.97 0.91

emin 0.60 0.597 0.55

D50 (mm) 0.27 0.17 0.27

Cu 1.87 - -

Cc 0.88 - -

Geotextile
Table 2 presents the properties of this non-woven PET

geotextile. The picture of geotextile is shown in Fig. 6.

TABLE II. GEOTEXTILE PROPERTIES

Properties ASTM method Quantity

Unit weight D-5261 500  gr/m2

Thickness D-5199 3.5  mm

Puncture strength D-4833 1100  N

Wide width tensile
strength D-4595 23.1  kN/m

0.10 1.00
Grain  Size  (mm)

Toyoura

Sengenyama

Firouzkooh
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Fig. 6. Geotextile used.

III. EXPERIMENTAL PROCEDURE

A. Sample Preparation

The  tests  were  performed  on  samples  with a
slenderness coefficient  of  2,  and  a  height  of  14 cm. With a
density of 13 kN/m3, corresponding to a relative density of
27%, the dry sand specimens were prepared by pouring the
sand through a funnel in a mould by maintaining a constant
funnel height above the sand surface. Geosynthetic inclusions
of 7 cm diameter are placed horizontally in the sample as each
of the sand layers is formed. The specimens with different
geotextile arrangement are shown in Fig. 7. After the
specimen has been formed, the specimen cap is placed and
sealed with O-rings, and a partial vacuum of 35 kPa is applied
to the specimen to reduce the disturbances. Tubing
connections to the top and bottom specimen platens permit
flow of water during saturation, consolidation and
measurement of pore water pressure during cyclic loading.

B. Saturation and consolidation
When the triaxial cell is assembled and filled with water,

an isotropic pressure of 10 kPa is applied. After circulating a
flow of carbon dioxide (CO2) under a low pressure gradient
(5kPa) through the sample for 7 min, water is circulated about
30 min until the total quantity of water passing through the
sample is at least equal to twice the initial volume of the
sample. After this water percolation period, the effective stress
acting on the sample is kept constant by a parallel increase in
the back pressure and cell pressure. The back pressure used
varies from 10 to 90 kPa, which is sufficiently high to dissolve
the carbon dioxide and to obtain Skempton B coefficients
greater than 0.95. Following saturation, the specimens are
consolidated isotropically at mean effective pressures 100 kPa.

After saturation and consolidation, the specimen is
subjected to a sinusoidal varying axial load by means of the
load rod connected to the specimen top platen. The cyclic
load, specimen axial deformation, and pore water pressure
development with time are monitored. The test is conducted
under undrained conditions to approximate essentially
undrained field conditions during earthquake or other
dynamic. The cyclic loading generally causes an increase in
the pore water pressure in the specimen, resulting in a

decrease in the effective stress and an increase in the cyclic
axial deformation of the specimen.

The Cyclic triaxial tests are performed by applying a
sinusoidal stress deviator at a frequency f=2 Hz and by
keeping the confining pressure σcell, constant at 100 kPa.
Cyclic Stress Ratio (CSR) is equal to 0.30 for all tests.

IV. RESULTS

The sand Firouzkuh #161 sand is used to construct the
specimens and to study shear modulus of reinforced sand.
Undrained triaxial tests under dynamic loading condition on
unreinforced and reinforced samples are performed with
different geotextile arrangement. It can be observed that
reinforcement lead to increase the shear and axial modulus of
samples (Fig. 8). The reinforcement arrangement effect on the
results Gmax and Emax of these cyclic tests are analogous.
Observed from aforementioned figure F-specimen (2 layer
geotextile at H/3 and 2H/3 distances from top of sample)
presented more Gmax – and axial modulus- compared to others.

Fig. 8. Maximum shear and axial modulus of specimen.

By comparison of  B, C, D, and E arrangement described
that as geotextile close to top of specimen (load applying part)
the Gmax increased and E type (1 layer geotextile at H/5
distance from top of specimen) of reinforcement arrangement
tested lead to an significant increase in Gmax and Emax of the
sand.

The variation of the G/Gmax for sand reinforced with
different arrangement of geotextile layer with respect to
increasing the shear strain is plotted in Fig. 9. As shown in this
figure, the F specimen (2 layer geotextile reinforced) and A
(unreinforced sample) presented brittle and ductile behavior,
respectively. In other word by increasing Gmax of the
specimen, behavior varies from ductile to brittle, smoothly.
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Fig. 9. G/Gmax vs. shear strain for different geotextile inclusion.

V. CONCLUSIONS

A series of undrained cyclic triaxial tests were conducted
to investigate the arrangement of geotextile inclusion on the
shear modulus of saturated sand. It has been brought out that
the geotextile reinforcement plays a dominant role in
controlling the dynamic response. Based on this experimental
study, the main conclusions are summarized as follows:

Geotextile reinforcement increase the maximum shear
modulus of saturated sand and Gmax increased as the geotextile
layer increased.

As geotextile close to the top of the specimen (load applying
part), the maximum shear modulus increased and by
increasing the space between geotextile and cap of the sample,
the reinforcement effect on Gmax decreases.

The addition of geotextile inclusion changed its ductile
behavior to a more brittle one and specimen ductility
decreased as the Gmax increased.

As explained the geotextile presence affect the Gmax and axial
stiffness, significantly. Consequently, it is necessary to
reinvestigate the geotextile arrangement carefully to calculate
the reinforced earth structure seismic responses more
realistically.
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Abstract--The main purpose of non-

destructive methods applied to concrete 

structures; is to provide a proper evaluation of 

the quality of the material in its very structure, 

without having to trust solely to test results that 

do not necessarily represent the exact structure 

of concrete work. Among these methods, 

ultrasonic testing plays an important role with 

its convenience of use and reasonable cost. 

Insofar as we are primarily interested in the 

evaluation of the strength of concrete on-site; 

Commonly called the ultrasonic pulse velocity 

(UPV) is a comprehensive method, which 

provides information on both the mechanical 

parameters (Young's modulus) than on 

structural graders (compositions and densities) 

of the material investigated. 

 Although there is no direct relation between 

the compressive strength of concrete and the 

ultrasonic pulse velocity; the resistance can be 

evaluated by establishing beforehand 

correlations. 

This Communication aims to revisit this 

method emphasizing on its methodology and 

norms or standards that can guide its use on the 

assessment of the strength of concrete on site. 

Keywords—ultrasonic pulse velocity, 

compressive concrete strength, correlations. 

I. Introduction 

The techniques based on the auscultation 

propagation of mechanical waves are widely 

used in the fields of metallurgy [Garnier et al. 

2009]. They are derived from seismic and 

geophysical methods are based on the 

interpretation, either in time or in frequency, 

the wave function stored in the transmitted 

wave. The main techniques are: Ultrasound 

(U.S.), the surface waves (OS) [Hévin 1998 

Hassaim 1999 Al Wardany 2005] Acoustic 

Tomography (TO) [Côte 1988 Sahebi 1996 

Kharrat1997] Acoustic Emission (EA) and 

impact-Echo (IE). 

 

II. Historic  

Acoustic methods with visual inspection are 

the oldest forms of nondestructive testing. 

Sound is a means of detecting the presence of 

voids, cracks or delamination. 

In 1920, the Russian scientist Sergei Y. Sokolov 

Institute of Electrical Leningrad in the USSR 

was the first who proposed to use the 

ultrasonic wave velocity (UPV) to find defects 

in metal objects. However it was not until 
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1942 that real progress was made by 

Firestone at the University of Michigan and 

independently by Sproule in England [NDT 

ResourceCenter]. 

After the Second World War, was followed by 

a rapid change in the instrumentation of non-

destructive testing; the main objective is the 

detection of defaults. In response to this need 

techniques more sophisticated using 

ultrasound; eddy current, radiography ... 

appeared. 

It was in the early 1970s with the 

improvement of technology, the onset of the 

fracture mechanics and the development of 

new laws to predict the growth rate of cracks 

in concrete under cyclic loading (fatigue) that 

a real and significant change occurs in the field 

of nondestructive testing. 

 

III.  Different acoustic technics used 

in nondestructive testing 

 

For non-destructive testing of concrete (CND), 

methods based on the propagation of 

mechanical waves frequently called acoustic 

waves, the most used are:  

- Ultrasound (auscultation sonic or ultrasonic 

pulse velocity UPV)  

- The impact-echo  

- The acoustic emission  

other techniques such as seismic tomography 

or surface waves remain of limited use. 

A. The technique of the acoustic 

emission 

this method; differs in that it is not 

necessary to artificially generate 

elastic waves in the material. The 

signals detected in a non-

destructive testing from the 

mechanical behavior of the 

structure under load. The material 

is therefore limited to the reception, 

often composed of several sensors 

to locate the source of the issue and 

therefore faults. 

 

B. The technical impact-echo 

this method consists in the 

interpretation of the frequency 

domain response of a structure to a 

shock. Its implementation is 

simple; the measuring unit consists 

of a generator (hammer or ball) and 

the receiver transducer. 

This method relies on the properties 

of propagation of sound waves in 

the concrete product due to the 

surface by a steel ball impact. 

Sizing takes place in a place with 

known thickness (after removal of a 

core of measurement), or by 

measuring the propagation delay 

between two receivers arranged one 

behind the other. 

The resonant frequency and the 

propagation velocity of sound 

waves in the concrete used to 

define the thickness of the concrete 

at the point of measurement. 

A receiver records the signals 

mechanically, which are shown in 

real time on a screen and can be 

saved for documentation. 

To define the thickness of a 

component, you must know the 

material properties; in this case, the 

speed of propagation of sound 

waves in the concrete. While the 

resonance frequency is measured 

by the system, the speed of 

propagation of sound waves is to be 

determined by system calibration. 

This control method is used to 

calculate the thickness of a layer 

available on one side (eg. Tunnel), 

search for voids or defects sealing 

(cavities) in the concrete. This 

technique for measuring the 

thickness of an element or a coating 

has the advantage of being 

extremely accurate. 
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C. Ultrasonic pulse velocity (UPV) 

Commonly known (UPV) is a 

comprehensive method, which provides 

information on both the mechanical 

parameters (Young's modulus) than on 

structural graders (compositions and 

densities) of the material investigated. 

In the case of the ultrasonic testing of 

concrete, such waves are generated by 

piezoelectric crystals to shock excitation, 

also used in the receiver. These waves, 

which propagate undergo a series of 

processes, or they are attenuated and their 

modified speed, related to the geometrical 

beam divergence in the form of heat 

dissipation due to the viscosity of the 

material and diffuse through the interaction 

with all broadcasters they face. These 

diffusers are aggregates, sand grains, 

cracks and micro-cracks or reinforcement 

bars. 

 In the case of emission wave frequencies 

appropriate, the beam energy can be 

transferred into coherent waves transmitted 

in incoherent waves transmitted as well as 

backscattered waves. 

The general principle is to measure the 

velocity of the mechanical wave 

propagating in the concrete by 

transmission, this method is mainly used 

to detect, among other things a non-

uniformity of properties of the structure, 

large cracks or voids resulting, for 

example, «honeycombs».  It can also be 

used to determine the coefficient of 

elasticity or Poisson coefficient, [Zhou et 

al modules. 1995 Qixian Bungey and 1996, 

Wu et al. 1995]. 

 

 

IV. Ultrasonic pulse velocity commonly 

called UPV 

 

 A.Historical 

by the early 1940s; [Powers, 1938, 

Obert 1939 Hornibrook 1939 and 

Thomson 1940] were the first to 

conduct extensive research on 

nondestructive ultrasonic technics as 

the method of vibration resonance 

frequency. 

After the Second World War, research 

was accelerated [Carino. 2003] and 

the development of UPV began in 

England [Jones. 1948] and Canada 

[Leslie et al. 1949] to the stage of 

laboratory research it passes to the 

application on site; to become an 

essential tool for non-destructive 

testing, commonly used by many 

companies to evaluate the 

compressive strength of concrete in 

situ. 

 

 B.Principle of Operation 

 

The UPV technic is based on the 

principle of the speed pulse of a 

compression wave transmitted 

through a medium and depends on 

the elastic properties of the medium. 

The principle of the UPV consists in 

measuring the time of propagation of 

a wave train between two points. The 

transducer produces ultrasound due 

to the piezoelectric properties of the 

materials; the electrical output energy 

is converted into mechanical 

ultrasonic energy. The device 

measures the time t required for the 

wave to reach the receiver that 

converts the electric signal (Figure 1). 

Knowing the distance from the 

transmitter to the receiver, it is 

possible to know the velocity ν of the 

wave in the medium. 
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Figure.1: Schematic circuit diagram of 

the velocity 

 

 

The speed ν of the pulse is given by the 

relation: 

 

 

                                                 
 

 
                    (1)                                                                                           

 
The wavelength is usually generated by 

piezoelectric crystal shock excitation, also used 

by the receiver.  

The trials of measuring the propagation 

velocity allow to determine the elastic constant 

through the time of transmission of the pulse. 

 

 

Longitudinal wave                           

      
      

            
                    (2) 

 

 

Transversal wave                               

 vt  =  
 

       
                                        (3) 

 

Where     and vt;  are the longitudinal and 

transversal velocities, ρ the density of the 

medium, E the modulus of elasticity and ν the 

Poisson's ratio. 

 

 

C. Devices and methodology 

 

Industrial unit (figure 2) is composed of 

  an electric generator (voltage 150 

to 1000 volts) and amplifier 

waveguide  

  a transmitting transducer  

  a receiver transducer (one or more 

for the indirect method)  

 a calibration bar 

 an oscillatory to see the signal and 

measure the time 
 

 

 
Figure.2: Devise for UPV: Tico 

 

 

 

 
Figure.3: transparent test on a beam using the 

devise Tico 
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D. Methodology 

 

There are 3 methods for conducting 

ultrasonic test: 

 

 The transparency measurements 

(Figure 3and 4) of longitudinal 

sound waves through a member. 

The transmitter and receiver are 

placed on the two opposite faces of 

the element to test. It is the most 

widely used method because there 

is maximum pulse energy which is 

transmitted and received so this is 

the most satisfactory method.  

 

 Indirect measures or surface 

(Figure. 5): This method is carried 

out mainly when a single side of 

the element is accessible when it is 

necessary to determine the depth of 

a crack or the presence of multiple 

layers in the same element. To 

perform this measurement, place 

the transmitter and receiver to the 

same planar face of the element to 

test. The transmitter remains on the 

same point, whereas the receiver is 

moved each time by performing a 

measurement. Or you can work 

with multiple receiving transducers. 

 

 The semi-direct measurement 

(Figure. 6): the transmitter and the 

receiver are placed on two 

perpendicular sides. We use this 

method when the whole structure is 

not visible. 

The distance between the two 

transducers must not be too large so 

that the wave is attenuated too 

much and do not facilitate the 

detection of the pulse signal. 

 
 

 

Figure.4 : direct testing 

 

 

 

Figure.5 : semi-direct testing  

 

 

 

Figure. 6: indirect/surface testing 

 

 

E. Factors affecting propagation 

velocity 

 

 

Several factors can affect the speed of 

propagation related to whether or other 

properties of the concrete. 

 aggregate size and type, size, 

content 

Several researchers have shown 

that the speed pulse is affected by 

the type and content of aggregates. 

Jones 1958 reported that for the 

same composition and the same 

concrete compressive strength, 

concrete compound with rounded 

aggregates has the lowest rate of 

spread, the crushed aggregates by 

giving a higher propagation 

velocity value. 

Results of additional research 

[Jones 1962, 1959 Bullock and 
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Kaplan 1959] have shown that for 

the same value of resistance to 

compression, the concretes with the 

highest levels of the aggregates 

give the highest velocity values.  

 

 Type of cement  

The type of cement has no direct 

influence on the propagation 

velocity [Jones 1954]. 

The hydration rate differs from one 

to another cement and this affects 

the speed of propagation. 

As the degree of hydration 

increases, the modulus of elasticity 

also increases as well as the 

propagation speed.  

 

 The water / cement ratio 

Kaplan [Kaplan 1959] in his 

research work has shown that when 

the w / c ratio increases, the 

strength of concrete in compression 

and the value of the speed of 

propagation corresponding 

decreases assuming the same 

concrete composition 

.  

 Adjuvants  

Air-entraining admixtures do not 

really have an influence on the 

relationship between the 

propagation speed and the 

compressive strength of concrete 

[Jones 1954]. Other adjuvants will 

influence the propagation velocity 

approximately the same as the rate 

of hydration. The addition of 

calcium chloride for example, 

reduces the time of hardening of 

concrete and increases the value of 

the speed of propagation.  

 

 The age of concrete 

The phenomenon is similar to the 

development of compressive 

strength of concrete. Jones 18 

showed that the propagation speed 

increases very rapidly and then 

stabilizes. The propagation velocity 

reaches its maximum value faster 

than the resistance. It concluded 

that experimental errors make it 

impossible to accurately assess the 

value of the compressive strength 

with precision.  

 

 Positioning the transducer 

The nature of the contact of the 

transducer with respect to the 

surface of the item under test has a 

large influence sweats value 

propagation velocities; improper 

contact may lead to erroneous 

propagation velocity readings.  

 

 Temperature concrete 

Beyond the range of temperatures 

between 5 to 20 ° C; the influence 

of the temperature is very important 

[Jones et al. 1969] corrections must 

be made as recommended in BS 

1881 Part 203 1986 standards.  

 

 The moisture condition of concrete 

curing 

The value of the propagation 

velocity for a saturated concrete is 

higher than for a concrete that 

hardens in air. Nevertheless, the 

influence of moisture is less 

important on the concrete as high 

resistance concretes with normal 

resistance.  

 

 Distance between transducers 

In theory the travel distance of the 

wave and its frequency should not 

delay, so there is no effect on the 

speed of propagation due to the 

nature of non-homogeneity of the 

concrete [Jones. 1962]. 

 RILELM 24 [RILEM. 1972] 

recommends the optimal distances 

between the following transducers: 

- 100 mm - for a concrete with a 

maximum dimension of the 

aggregates is 30 mm. 

- 150 mm - for a concrete with a 
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maximum dimension of the 

aggregates is 45 mm. 

 

 Presence of reinforcement bars 

One of the most important factors 

influencing the speed pulse is the 

presence of reinforcing bars. 

The propagation speed of the steel 

is 1.4 to 1.7 times that of the solid 

concrete. Then the best way when it 

is possible, is to avoid testing in the 

place of the presence of reinforcing 

bars. 

When this is unavoidable it must 

then be corrected by correction 

factors affecting; that are 

recommended by the RILEM 23 

[RILEM. 1972] and British 

standards. 

 

 

 

V. Relationship compressive strength 

vs. UPV. 

 

Although there is no direct physical 

relationship between the compressive 

strength of concrete and the ultrasonic 

pulse velocity; the resistance can be 

evaluated by establishing beforehand 

graphics curves correlating the two 

parameters (Figure 7). 
 

 
Figure.7: example of relationship compressive 

strength vs. UPV 

 

The relationship between compressive 

strength and the propagation speed is not 

unique especially as it is affected by several 

factors. The influence of these factors has 

been studied by several researchers [Sturrup 

et al. 1984 Anderson et al. 1981 Kaplan 1959], 

all have concluded that it is futile to attempt 

to establish a theoretical relationship between 

the compressive strength and the speed of 

propagation except if made in advance to 

establish correlations for the same type of 

concrete that is under investigation.  

RILEM [RILEM. 1972] British Standard [BS 

1986] and ACI American Concrete Institute 

[ACI. 1995] recommend developing and 

establishing a relationship between the 

velocity of propagation and compressive 

strength as they may be used later for in-situ 

monitoring of concrete. 

 

 VI. Standards and Guidelines for the 

testing of the UPV 

 

Several standards and recommendations 

(guidelines) were developed to standardize 

and regulate the procedure for many 

nondestructive testing ultrasonic 

measurement of the UPV; the oldest 

procedure used is given by the American 

standard ASTM-C597-0 since 1971. 

Different norms and standards across 

countries are summarized here below: 

 ASTM C-597-0, standard test 

method for pulse velocity through 

concrete 

 EN 12504, testing concrete 

structure in part 4; determination of 

ultrasonic pulse velocity. 

  D676-02, standard test method for 

deep foundation integrity of 

concrete by ultrasonic crosshole 

testing. 

 ASTM C-1383 test method for 

measuring the P-wave speed and 

the thickness of concrete using the 

impact echo method annual book of 

ASTM standards vol.04.02 
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  IAEA guidebook on non-

destructive testing of concrete 

structures, Vienna 2002; 

  ACI 228.1R-03 ACI committee 

report; in place methods to estimate 

concrete strength. 

 

VII. Conclusion: limitations and 

reliability. 

 

Ultrasonic method is a great way to study 

the homogeneity of the concrete. The 

procedure is simple; the equipment 

available on the market is easy to use in the 

laboratory and on site. With the availability 

of small portable digital instruments, 

which are relatively inexpensive and easy 

to use, ultrasonic testing adds a new 

dimension to the quality of nondestructive 

testing of in-situ concrete. 

Since a large number of variables affect the 

relationship between the parameters of 

concrete strength and UPV, its use to 

evaluate the compressive strength of 

concrete is not recommended unless 

correlation tests were performed 

beforehand. 
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Abstract— Immovable properties, lands and buildings, are 

diversified. There are many factors that influence rental market 

value and they can be divided in market factors and factors of 

property itself. On the other hand the factors of property that 

influence rental value can be divided in site factors and buildings 

factors. This paper deals with “age” factor and tries to get the 

relationship between age and rental value of office buildings in 

Tirana City. This paper concludes that age is a factor that 

influences value, but it is not the only one and so it can`t be used 

to explain differences in values. Through this paper is underlined 

the conclusion that other causes of depreciation provides a 

superior explanation to one which relates depreciation rate of 

rental value to age alone. Building quality is a better explanation 

of depreciation than is age. (Abstract) 

Keywords— immovable property, age of builging, quality of 

building, rental value. 

I.  INTRODUCTION 

Immovable property is most commonly defined as land 
and any improvement made to or on the land, including fixed 
structure and infrastructure components, thus land and 
buildings. It`s constitutes one of the most valuable assets for 
the state and individuals and therefore its valuation assumes a 
special importance. The properties are diversified and there 
are numerous purposes a property is valuating for. Regardless 
of the purpose of valuation, the market value is the most 
required kind of value and the main basis of evaluation of the 
land. Market value is the estimated amount for which a 
property should exchange on the date of valuation between a 
willing buyer and a willing seller in an arm`s-length 
transaction after proper marketing wherein the parties had 
each acted knowledgeably, prudently and without compulsion 

[1] [2]. 

Factors that influence the market value can be divided in 
market factors and factors of property itself. This paper 
attempts to give the answer to the question: What is the impact 
of age in value and can the age be seen as the only factor that 
affects the value? 

II. METHODS OF EVALUATION OF IMPACT OF AGE ON MARKET 

VALUE 

The methods for analyzing the impact of age in market 
value are a) longitudinal analysis, b) cross-section analysis and 
c) Hedonic Price Model. 

A. Longitudinal analysis 

A longitudinal analysis, holding site factors constant, 
would track the performance of a sample of buildings over 
time [3]. 

Immovable property has to be considered as a unit land-
building, therefore market values as well as values of lease 
and sales values, can be seen as a function of the participation 
of both these components.  

B. Cross-section analyses  

A cross-section analysis examines properties of different 
ages at the same point of time [3] and tries to explain the 
differences between properties values as a result of differences 
of age. 

 Having information for the same category of properties of 
different ages in the same location and at a given moment of 
time, we can calculate the annual rate of depreciation in rental 
value by reference to the following equation (1) [4]: 

                       Rn=R0 (1+d)
0-n

                                                 (1) 

where: 

Rn is rental value of  building n years of age 

R0 is rental value of  building 0 years of age 

d is annual rate of depreciation in rental value 

 

Both the methods mentioned above have their limitations. 
It is not possible to hold site factors constant over time. It is 
difficult to find a large data sample with full evidence on 
rental values over a sufficiently long period. The impact of site 
factor can`t be perfectly isolated when buildings in different 
sites are compared.  

Since the land factor cannot neglect, the value of the lease 
should be studied under the view of two factors, age and 
location and because of that it is not possible to use 
longitudinal analysis or cross-section analysis. The appropriate 
method to analyze the impact of age and location is hedonic 
price model. 
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C. Modeli hedonik i cmimit 

The heterogeneous nature of real estate properties justifies 
the use of the Hedonic Price Model for estimating their value. 
The Hedonic Price Model takes into account the properties of 
real estate separately and estimates prices based on the 
assumption that these properties could be separated into 
characteristics as attributes of spatial units, location attributes, 
quality of design and architecture, etc. Regression analysis and 
related estimation approaches are common in Hedonic Price 
Models [5].  

The model of multiple linear regression is well known and 
widely used in the valuation of real estate. The regression 
model is presented as an equation, with the dependent variable 
on the left-hand-side of equal sign, and a sum of terms on the 
right-hand-side consisting of the explanatory variables each 
multiplied by a parameter whose value is estimated by hedonic 
regression and that relates each explanatory variable to the 
dependent variable. This model identifies the degree of 
importance of each variable,  indicates the relative importance 
of each variable in the order of entry into the equation and 
shows how well the model works [6]. 

The model of multiple linear regression is: 

Y=b0+b1*x1+...+bn*xn 

where: 

y= is the dependent variabel   

x1... xn  are n independent variables  

b0 is constant 

The model has to be understandable and explainable and it 
should predict rent value as close as possible market prices. 
Accuracy of the model depends on both the variables included 
in the model replicating market value and the market data used 
for calibrating the model. 

III. DETERMINIG THE MODEL OF DEPENDENCE OF RENT VALUE 

FROM AGE 

A. Data sample and data preparation 

The data includes 12 office buildings ( Fig.1) involving the 
office areas of 80 to 200 square meters. These are the main 
and the most important Business Centers in Tirana City. 

Fig.1 Location of buildings 

The data was obtained by carrying out a survey among the 
current users of the rental office space and are summarized in 
Table I. 

Location cannot be evaluated quantitatively, but only 
qualitatively. Location is evaluated on the perceptions of 
appraisers on its importance, the significance of the road 
where the property is situated, accessibility, the connecting 
with the center and main roads, etc. 

 Every building is unique. Notwithstanding the differences 
between individual buildings, it has been determined that 
many buildings follow a similar pattern as they pass through 
different stages in their respective lifecycles. In this regard, 
five general lifecycle stages have been identified and, using 
the analogy of human body, they are summarized conceptually 
in Fig. 2 [7]. 

 

 

 

Fig.2 Building life-cycle stages  

The age of the buildings was pointed out by separating 
them in two groups: for the buildings that were built after ’90 
years it was based on the year of construction, and for the 
buildings built before the ’90 years it was based on the year of 

Volswagen 
AK 

GKAM 

Tirana 

Tower 

VEVE 

Gjergji 

Center 

ABA 

ETC 

Drini 

Tower 
Sky 

Tower 

Twin Tower 
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reconstruction, reconstruction according to the change in their 
use destinations and their adaptations for offices. These 
buildings belong to the ’50 years. We have accepted that the 
reconstruction has passed their age from Stage 5 “old age” 
into Stage 4 “adulthood”.   

 

TABLE I.   

EVALUATION OF PROPERTY CHARACTERISTICS 

PROPERTY RENT LOCATION AGE 

ETC 20 2 8 

ABA 20 2 4 

Volswagen 10 3 30 

Tirana Tower 10 2 14 

GKAM 15 3 5 

VEVE 14 1 30 

Twin Tower 22 1 8 

Drini Tower 14 2 13 

Gjergji Center 12 2 13 

AK 13 3 6 

EGT Tower 13 3 11 

Sky tower 15 2 12 

 

B. The model 

The model of determining the rent as function of age and 
location is: 

R=b0+b1*A+b2*L 

where: 

R is rental value 

A is the age of building 

L is location of building 

The goodness of fit of the model should be evaluated by some 

statistical tests: 

Coefficient of determination ( R
2) 

This is the proportion of variation of rent value explained by 

the regression model. The values of R
2
 range from 0 to 1. 

Small values indicate that the model does not fit the data well. 

On the other side, when the R
2
 equals 1, all variation in values 

are explained by the regression equation. 

F-statistic 

The F-statistic is used to test whether or not individual 

regression variables are significant in predicting the dependent 

variable, rent value. In general, an F-statistic of 4.0 or larger 

indicates that a variable is significant in predicting rent value 

at 95 % confidence level.  

Critical probability (p-value)  

It is the measure of the probability that the result is "worse" 

than actual outcome (renting with deviations larger than those 

observed) 

If Pkr < α , hypothesis is rejected and if Pkr > α hypothesis is 

accepted. 

IV. REZULTS OF A SURVEY OF THE IMPACT OF AGE ON RENTAL 

VALUE 

Table II, Fig. 3 and Fig. 4 gives a descriptive statistics for 
rent, age and location. 

TABLE II   

DESCRIPTIVE STATISTICS 

 
RENT LOCATION AGE 

Mean 14.83333333 2.166666667 12.83333333 

Standard 

Error 1.127032395 0.207193854 2.504037144 

Median 14 2 11.5 

Mode 14 2 30 

Standard 

Deviation 3.904154741 0.717740563 8.674239116 

Sample 
Variance 15.24242424 0.515151515 75.24242424 

Kurtosis 

-

0.477583011 

-

0.685121107 1.166713969 

Skewness 0.700074914 
-

0.262260911 1.403668376 

Range 12 2 26 

Minimum 10 1 4 

Maximum 22 3 30 

Sum 178 26 154 

Count 12 12 12 

Confidence 
Level(95.0%) 2.480581576 0.456030597 5.511348592 

 

 

 

Fig.3 Histogram of rent 
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Fig.4 Histogram of age 

Using data from table 1 and using regressive analysis, we 
get the following results (Fig. 5): 

 

Fig. 5 Regressive analysis (rent-age-location) 

  

The equation that gives the relationship between rental 
value, location and age is: 

R = 24.5918 -0.284*Age -2.82*Location 

V. DISCUSSION OF THE RESULTS 

By examining the data resulting from the linear regression 
( Fig. 4) , the coefficient of determination R

2
=0.556 indicates 

that the equation explain 55.6 % of the distribution of 
observations. The equation obtained is valid, statistical 
probability F = 0.02588 < 0,05. An explanation of the factors 
affecting the rent is sufficiently satisfactory. 

Both of the variables have the expected signs, and the 
linear form of the equation means that the individual 
coefficients can be interpreted as showing the contribution of a 
one-unit increase in the level of the to the overall price [8].  

The coefficient at "age" is very small. It shows that the impact 
of age in rental value can be negligible. 

Buildings deteriorate and become obsolete as they age. 
However some depreciate more quickly than others. The 
depreciation rate is a function of age but also of building 
quality or qualities [3]. Despite the actual age of a building, 
what affect mostly the value, is the useful economic life and 
the remaining economic life of building. There are three 
fundamental qualities of a building which are affected 
differently by physical deterioration and building 
obsolescence as the twin causes of building depreciation, 
external appearance, internal specification, configuration [9]. 

Because depreciation of value is related to the quality and 
age, let us try to find the relationship between them following 
the same reasoning as for finding the dependence rent value = 
f ( age,  location). 

The model of determining the rent as function of age, 
quality and location is: 

R=b0+b1*A+b2*L+b3*Q 

where: 

R is rental value 

A is the age of building  

L is location of building 

Q is quality of building 

Quality of building can`t be evaluated quantitatively, but 
only qualitatively. It`s is valuated based on physical 
inspections. It is assessed using the scoring system. Thus 5 = 
very good, 4 = good, 3 = fair, 2 = bad and 1 = very bad (Table 
III).  The quality is evaluated by taking into consideration not 
only the actual conditions, but and the expectations of 
stakeholders. 

TABLE III   

EVALUATION OF PROPERTY QUALITY 

PROPERTY QUALITY 

ETC 4 

ABA 5 

Volswagen 3 

Tirana Tower 3 

GKAM 4 

VEVE 3 

Twin Tower 4 

Drini Tower 4 

Gjergji 

Center 
3 

AK 3 

EGT Tower 3 

Sky tower 3 
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Using data from Table I, Table III and using regressive 
analysis, we get the following results: 

 

 Fig. 5 Regressive analysis  (rent-age-location-quality) 

The equation that gives the relationship between rental 
value, location, age and quality of building is: 

R = 7.72 -0.118*Age -1.84*Location+3.61*Quality 

By examining the data resulting from the linear regression 
( Fig. 5) , the coefficient of determination R

2
=0.797 indicates 

that the equation explain 80 % of the distribution of 
observations. The equation obtained is valid, F statistic 
probability is very small (significance F = 0.003778 <0,05). 
The coefficient at "age" is very small. Formulate relevant 
hypothesis (coefficient = 0). Since the critical probability P-
value = 0,228> 0.05, the hypothesis is confirmed. This means 
that the variable "age" can be removed from the list of 
variables exploratory. It has an impact virtually insensitive 
compared with the impact of location and quality of the 
building. Such an outcome could be expected if we would 
have provided that the quality of the building is a function of 
age. 

VI. CONCLUSIONS AND RECOMMENDATIONS 

Immovable property is one of the most valuable assets for 
the state and the individuals. It consists of land and buildings 
and each value should be seen as the participation in it of both 
of these components. It is not possible to hold site factors 
constant over time. The impact of site factor can`t be perfectly 

isolated when buildings in different sites are compared. 
Because of that, the location is a factor that has to be included 
in any evaluation process. This paper concludes that age is a 
factor that influences value, but not the only one. It can`t be 
used to explain differences in values alone.  

Quality in real estate must be connected to site and/or 
building. Buildings deteriorate and become obsolete as they 
age. However some depreciate more quickly than others. The 
depreciation rate is a function of age but also of building 
quality. Age and quality of building cannot go together as 
factors that explain differences in value. 

 Through this paper is underlined the conclusion that other 
causes of depreciation provides a superior explanation to one 
which relates depreciation rate of rental value to age alone. 
Building quality is a better explanation of depreciation of 
rental value than is age.  

To provide a better explanation of the depreciation of the 
rental value, I recommend considering not just the quality as a 
single feature of a building, but three basic qualities, which are 
affected by physical deterioration and building obsolescence: 
external appearance, internal specification and configuration. 
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Abstract— This paper investigates the relationship between 

lane width and safety for roadway segments on urban and 

suburban arterials. The paper found no general indication that 

the use of lanes narrower than 3.6 m on urban and suburban 

arterials increases crash frequencies. This finding suggests that 

geometric design policies should provide substantial flexibility for 

use of lane widths narrower than 3.6 m. Inconsistent results were 

found, which suggested increased crash frequencies with 

narrower lanes in three specific design situations. Narrower lanes 

should be used cautiously in these three specific situations unless 

local experience indicates otherwise.  (Abstract) 

Keywords— lane, width, safety, arterial, accident, frequency. 

I.  INTRODUCTION 

This paper addresses the relationship of lane width to safety 
for urban and suburban arterials. A cross-sectional safety 
analysis approach was used, because suitable sites to conduct a 
before-after observational study were not available. Lane width 
for midblock segments has been considered. A full report of 
the results of this research has been prepared. 

II. CURRENT STATE OF KNOWLEDGE ON SAFETY 

EFFECTS OF LANE WIDTHS 

The “conventional wisdom” of most infrastructures 
engineers is that use of narrower lanes in the design of a 
roadway, will result in more crashes, if other design 
characteristics of the roadway remain unchanged. This has 
been demonstrated for lane widths on rural two-lane highways 
[2], but there is no definitive research on the safety effect of 
lane widths for urban and suburban arterials. The use of 
narrower through-traffic lanes may have advantages in some 
situations on arterials, because this may reduce pedestrian 
crossing distances and may provide space for additional 
through lanes, auxiliary lanes, bicycle lanes, buffer areas 
between travel lanes and sidewalks, and placement of roadside 
hardware. However, the use of narrower lanes has been 
accompanied by concerns that reducing lane widths could 
increase crash frequencies.  

A number of past studies have been conducted to determine 
the traffic safety effects of lane width, but the results of these 
studies are varied. Separate models were developed for “off-
the-road” and “on-the-road” accidents. Hauer concluded that 

for “off-the-road” accidents, if accident frequency is influenced 
by lane width, it is not discernable. [1] 

For “on-the-road” accidents, lane width was found to be 
associated with property-damage only (PDO) accidents, but not 
injury accidents. In the PDO model, Hauer notes that wider 
lanes are associated with higher accident frequencies (not 
lower accident frequencies.) However, Hauer notes that the 
relationship is weak, and lane width is only included in the 
model, because of the traditional interest in this variable. 

Hadi (5) developed negative binomial regression models to 
estimate the safety of various cross-sectional elements and 
found that increasing lane widths up to 3.7 m and 4.0 m would 
be expected to decrease accident rates for urban two-lane 
roadways and urban four-lane undivided roadways, 
respectively. 

While many countermeasures have been identified to 
reduce crossing distance at intersections for pedestrians, no 
studies have documented the quantitative effect of lane width 
on pedestrian or bicycle safety. 

III. CURRENT GEOMETRIC DESIGN POLICIES FOR 

LANE WIDTH ON URBAN AND SUBURBAN 

ARTERIALS 

Highway design policies for arterial roadways indicate a 
preference for the use of 3.6 m lane widths, but also indicate 
flexibility for use of narrower lanes where 3.6 m lanes are 
infeasible or impractical [6]. 

The geometric design practices related to lane width must 
consider the needs of motor vehicle, pedestrian, and bicycle 
traffic. The American Association of State Highway and 
Transportation Officials (AASHTO) offers guidelines on the 
selection of appropriate lane widths on urban and suburban 
arterials considering primarily the needs of motor vehicle 
traffic, where lane widths from 3.0 to 3.6 m are addressed 
along with specific circumstances, for which each width should 
be considered. 

The purpose of this paper is to investigate, if this 
“conventional wisdom” is correct, determining whether and 
how lane widths affects safety and identify situations in which 
design flexibility to use narrower lanes should or should not be 
utilized. 
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IV. SAFETY EVALUATION OF LANE WIDTHS ON 

ARTERIAL MIDBLOCK SEGMENTS 

A. Available Data Base 

A database is used in this paper to examine the effects of 
roadway features, including lane width, on safety for arterials. 
The objective is to develop a prediction methodology for urban 
and suburban arterials for application in the forthcoming 
Highway Safety Manual. This database is also suitable for 
investigation of the relationship between lane width and safety 
and has been used for that purpose in the current research [7]. 

The database includes site characteristics, traffic volume, 
and crash data for arterial roadway segments in Tirana and 
Durres cities of Albania. The roadway segments in Tirana 
include roadways in both urban and suburban communities. 
The roadway segments in Durres include some urban 
communities, but most of the area would be considered 
suburban. The database for both areas includes a mixture of 
arterials under state and local jurisdiction. 

The available data include five arterial roadway types: 

• two-lane undivided arterials (2U) 
• three-lane arterials including a center TWLTL (3T) 
• four-lane undivided arterials (4U) 
• four-lane divided arterials (4D) 
• five-lane arterials including a center TWLTL (5T) 

Table 1 presents a summary of the number of sites, for 
which site characteristics including lane width, traffic volume, 
and crash data are available in each city. Each site consists of 
one block (e.g. the arterial roadway from one public road 
intersection to the next). The blocks range from 0.06 to 2.28 
km with an average block length of 0.21 km. Table 2 shows 
comparable data for the total lengths of sites in each table. The 
database includes 408 km of urban and suburban arterials (130 
km in Durres and 278 km in Tirana). 

Table 1 Number of roadway segment analysis sites by 

roadway type and lane width 

Roadway Type Number of sites by lane width (m) 

  9 10 11 12 13+ Total 

TIRANA CITY   

2U 2 20 20 162 176 380 

3T   16 5 73 35 129 

4U 19 147 121 91 62 440 

4D   2 44 61 71 178 

5T     8 18   26 

Subtotal 21 185 198 405 344 1153 

DURRES CITY   

2U 61 82 229 148 70 590 

3T 31 125 12 32 15 115 

4U 104 81 157 29   471 

4D 12 10 69 33 16 140 

5T   17 357 114 74 562 

Subtotal 208 315 824 356 175 1878 

TOTAL 229 500 1022 761 519 3031 

Table 2 Total length of roadway segment analysis sites by 

roadway type and lane width 

Roadway Type Total length of sites (km) by lane width (m) 

  9 10 11 12 13+ Total 

TIRANA CITY   

2U 0.19 2.86 3.34 21.02 24.88 52.29 

3T   1.27 0.65 11.96 4.14 18.02 
4U   0.5 5.79 11.29 13.81 31.39 
4D 1.43 13.74 14.15 12.77 5.4 47.49 
5T     1.57 2.71     

Subtotal 1.62 18.37 25.5 59.75 48.23 153.47 
DURRES CITY   

2U 7.5 11.45 33.9 23.81 11.4 88.06 
3T 4.11 2.52 1.8 5.36 1.96 15.48 

4U 7.76 14.28 14.17 4.07   40.28 
4D 0.78 9.59 12.01 4.42 2.83 29.63 
5T   1.16 50.78 19.3 10.27 81.51 

Subtotal 20.15 39 112.66 55.96 26.46 254.96 
TOTAL 21.77 57.37 138.16 115.71 74.69 408.43 

 

The lane widths at these sites were measured in the field. 
The lane width shown in the table represents the average lane 
width across all through travel lanes. Sites for which measured 
lane widths were not available have been omitted from Tables 
1 and 2 and from the subsequent analyses.  

Table 3 

Lane width category Range of lane width (m) 

9 2.85 or less 

10 2.85 - 3.15 

11 3.15 - 3.45 

12 3.45 - 3.75 

13+ 3.75 or more 

 

Crash data were obtained for all of the sites shown in Table 
1 for a five-year period: 2008 to 2013 in Tirana and 2007 to 
2012 in Durres. The crash data included 4,786 crashes in 
Tirana and 3.054 crashes in Durres. The analysis performed in 
this study included all multiple- and single-vehicle accidents, 
except pedestrian and bicycle collisions.  

B. Analysis Approach Used 

The best method to determine the effect of a roadway 
geometric feature on safety is through a well- designed before-
after evaluation. While the use of a before-after evaluation 
would be the preferred approach to determining the effect of 
lane width on safety, a before-after evaluation was not feasible 
in this paper, because highway agencies seldom change the 
lane width of a roadway, without making other changes that 
would confound the results of any before-after evaluation 
conducted. Two approaches to cross-sectional analysis to 
examine the effect of lane width have been applied in this 
paper. [4] Each approach was applied separately to data from 
each roadway type. In the first approach, only three variables 
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were considered: average daily traffic (ADT) volume, roadway 
segment length, and lane width. In the second approach, a 
broader set of site characteristics were considered in addition to 
ADT, segment length, and lane width. 

The first approach began by developing an “ADT-only” 
negative binomial regression model in the form: 

 N = exp (a + bln(ADT) + ln(L))  (1) 

where: 

N = predicted number of crashes per year of a particular crash 
type  

ADT = average daily traffic volume (vehicles/day) on the 
roadway segment  

L = length of roadway segment (m) 

a, b = regression coefficients 

In addition to the ADT term, the “ADT-only” models for 
roadway segments also included the roadway segment length 
as a factor representing exposure. [5] Then, models were 
developed in the same form as equation (1), but with a set of 
variables added to represent the effect of lane width: 

N=exp(a+bln(ADT) +ln(L) +c9LW9 +c10LW10 +c11 

 LW11c12W12 +c13+LW13+)  (2) 

where: 

LW9 = indicator variable (= 1 if lane width of roadway 
segment = 2.7 m; = 0 if not) 

LW10 = indicator variable (= 1 if lane width of roadway 
segment = 3 m; = 0 if not) 

LW11 = indicator variable (= 1 if lane width of roadway 
segment = 3.3 m; = 0 if not) 

LW12 = indicator variable (= 1 if lane width of roadway 
segment = 3.6 m; = 0 if not) 

LW13+ = indicator variable (= 1 if lane width of roadway 
segment = 3.9 m or more; = 0 if not) 

c9, ..., c13+ = regression coefficients 

Lane width was treated as a categorical variable in this 
modeling approach, rather than as a continuous variable, 
because there was no reason to presume a linear or log linear 
relationship between lane width and safety. Treatment as a 
categorical variable provides an opportunity for unusual or 
unexpected relationships between lane width and safety to be 
identified. Lane width effects were included in models in the 
form show in equation (2), only if the effect of lane width was 
found to be statistically significant. [2] 

The second approach began with the “best” models 
developed considering variables, other than lane width. These 
models were typically in the form: 

 N=exp(a+blnADT+lnL+dSW+eOSP+fRHR) (3) 

where:  

SW = shoulder width (m) 

OSP = on-street parking indicator (= 0 if curb parking is 
present on either side of street; = 1 if not present) 

RHR = roadside hazard rating for roadway segment (1 to 7 
scale) d, e, f = regression coefficients 

The shoulder width, on-street parking, and roadside hazard 
rating variables were included, only if their coefficients were 
statistically significant. The roadside hazard rating used was a 
rating on a scale from 1 (best roadside) to 7 (poorest roadside) 
developed in research by Zegeer [8]. 

To this “best” model, in the form shown in equation (3), the 
current research then added the same lane width effects that 
were considered in equation (2): 

N=exp(a+bln(ADT)+ln(L)+d SW+eOSP+fRHR+ 

c9LW9+c10LW10+c11LW11+c12LW12+ 

 c13+LW13+) (4) 

Lane width was added to equation (4) only if its effect was 
found to be statistically significant. 

Nine dependent variables [represented by N in equations 
(1) through (4)] were considered: 

• All crashes 

• Fatal-and-injury crashes 

• Property-damage-only crashes 

• All multiple-vehicle crashes (nondriveway-related) 

• Fatal-and-injury multiple-vehicle crashes  
nondriveway-related) 

• Property-damage-only multiple-vehicle crashes 

• All single-vehicle crashes 

• Fatal-and-injury single-vehicle crashes 

• Property-damage-only single-vehicle crashes 

Both analysis approaches were applied to: 

• 2 model forms either equation (1) and (2) or equations 
(3) and (4) 

• 9 dependent variables 

• 5 roadway types 

Thus, a total of 90 regression models were developed for 
each analysis approach. The results of these modeling 
approaches are presented below. [4] 

V. ANALYSIS OF RESULTS 

All of the 45 models of Tirana roadway segment crashes 
using the ADT-only” model in the form shown in equation (1) 
were statistically significant with R LR

2
 ranging from 0.08 to 

0.45. 

Lane width variables were added to create models in the 
form of equation (2). 

Table 4 shows the coefficients of the lane width variables 
[c9, c10, c11, c12, and c13

+
 in equation (2)]. The coefficients are 
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all expressed through comparison to a nominal lane width of 
3.6 m (i.e., the value of coefficient c12 is always zero). Positive 
coefficients indicate that roadways with the corresponding lane 
width would be expected to have higher crash frequencies than 
roadways with 3.6 m lanes. Negative coefficients indicate that 
roadways with the corresponding lane width would be expected 
to have lower crash frequencies than roadways with 3.6 m 
lanes. The values of the coefficients must be interpreted in 
accordance with equation (2). The actual effect of lane width 
on safety is determined by taking the exponential function of 
the coefficient [e.g., exp(c10)]. 

The final two columns in Table 4 indicate the results of 
comparisons of the coefficients for different lane widths. The 
next-to-last column indicates a comparison of the lane width 
effects for 2.7 and 3.0 m lanes to those for 3.3 and 3.6 m lanes. 
The comments in the last column of Table 4 (and subsequent 
tables) are interpreted as follows: 

Table 4 Negative binomial regression models with ADT 

and lane width for roadway segments in Tirana 

 

 

 
 
 

• Decrease means that 3.3 to 3.6 m lanes have lower 
crash frequencies than 2.7 to 3.0 m lanes. This is 
consistent with the “conventional wisdom” that wider 
lanes result in lower crash frequencies. 

• Increase means that 3.3 to 3.6 m lanes have higher 
crash frequencies than 2.7 to 3.0 m lanes. This is 
opposite to the “conventional wisdom.” 

• No change means that the crash frequencies for 3.3 to 
3.6 m lanes are so close to those for 2.7 and 3.0 m 
lanes that there is little practical engineering 
difference between these values. 

• Inconsistent means that the crash frequencies for 2.7 
and 3.0 m lanes fall between those for 3.3 and 3.6 m. 

• Table 4 shows that when the lane width variable was 
added to the 45 statistically significant “ADT-only” 
models: 

• in 17 cases, statistically significant models involving 
both ADT and lane width were found. 

• in 22 cases, no model was found (i.e., the modeling 
algorithm did not converge). This indicates that the 
addition of the lane width interfered with the 
relationship between safety and ADT that had already 
been determined. 

• in 6 cases, statistically significant models were found 
but the value of RLR

2
 was so low (below 0.10) that the 

model has little predictive ability. In these cases, the 
ADT-only model had RLR

2
 above 0.10, so the 

predictive ability of the model including lane width 
was less than the ADT-only model. [5] 

In the 28 cases for which no model was found or a model 
with RLR

2
 below 0.10 was found, there is no indication of a 

strong relationship between lane width and safety. In the 17 
cases where both ADT and lane width had a statistically 
significant effect, there were only nine cases in which the effect 
for lane width in the range from 2.7 to 3.6 m was in the 
direction expected by the conventional wisdom (i.e., decreasing 
crash frequency for wider lanes). These nine cases included all 
of the dependent variables considered for one particular 
roadway type- four-lane undivided roadways. In general, for 
four-lane undivided roadways on Tirana arterials, roadways 
with lane widths of 3.0 m or less were found to have higher 
crash frequencies than comparable roadways with 3.3 or 3.6 m 
lanes. There is no indication in the Tirana data of a consistent 
relationship between safety and lane width for any other 
roadway type. It should be noted that the Tirana data contain 
relatively few sites with 2.7 m lanes. Therefore, the finding 
noted above generally indicates that four-lane undivided 
arterials in Tirana with 3.0 m lanes tend to experience more 
crashes than those with 3.3 and 3.6 m lanes. [8] 

Table 5 presents comparable results to Table 4 for arterial 
roadway segments in Durres city. The results are comparable to 
the Tirana results in that there were only a limited number of 
statistically significant models incorporating both ADT and 
lane width. Specifically, out of the 45 cases for which 
statistically significant “ADT-only” models were found: 
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• in 25 cases, statistically significant models involving 
both ADT and lane width were found. 

• in 4 cases, statistically significant models were found 
but the value of 0.10. RLR

2
 was below 0.10 

• in 16 cases, no model was found (i.e., the modeling 
algorithm did not converge). 

The Durres data do not show a lane width effect for four-
lane undivided roadways similar to that found in Tirana. Four-
lane undivided roadways with 3.0 m lanes in Durres generally 
had crash frequencies comparable to roadways with 3.3 and 3.6 
m lanes. The only pattern noted was that for four-lane divided 
arterials in Durres, roadways with 2.7 m lanes tend to have 
higher crash frequencies than roadways with 3.0 m lanes. [3] 

There is no indication in the Durres data of elevated crash 
frequencies for 3.0 m lanes on four-lane undivided roadways as 
found for Tirana. There is an indication in the Durres data that 
higher crash frequencies may be found for 2.7 than for 3.0 m 
lanes on four-lane divided arterials. There are no other 
consistent results. 

Table 5 Negative binomial regression models with ADT 

and lane width for roadway segments in Durres 

 

 

VI. DISCUSSIONS OF RESULTS 

A. Lane Widths on Arterial Roadway Segments 

Analysis of geometric design, traffic volume, and accident 
data collected, has found that, with limited exceptions, there is 
no consistent, statistically significant relationship between lane 
width and safety for midblock sections of urban and suburban 
arterials. There is no indication that the use of 3.0 or 3.3 m, 
rather than 3.6 m lanes, for arterial midblock segments leads to 
increases in accident frequency. There are situations in which 
use of narrower lanes may provide benefits in traffic 
operations, pedestrian safety, and/or reduced interference with 
surrounding development, and may provide space for 
geometric features that enhance safety such as medians or turn 
lanes. The analysis results indicate narrow lanes can generally 
be used to obtain these benefits without compromising safety. 

Two caveats should be noted. First, the data for one of the 
states analyzed showed an increase in crash rates for four-lane 
undivided arterials with lane widths of 3.0 m or less, while the 
data from another state showed an increase in crash rates for 
four-lane divided arterials with lane widths or 2.7 m, or less. 
While the results from each state were not confirmed in data 
from the other state, the findings indicate that lane widths of 
3.0 m or less on four- lane undivided arterials and lane widths 
of 2.7 m or less on four-lane divided arterials should be used 
cautiously unless local experience indicates otherwise. Second, 
until more is learned about the interactions between motor 
vehicles and bicycles on streets with narrower lanes, lane 
widths less than 3.6 m should be used cautiously, where 
substantial volumes of bicyclists share the road with motor 
vehicles, unless an alternative facility for bicycles such as a 
wider curb lane or paved shoulder is provided. 

VII. CONCLUSIONS AND RECOMMENDATIONS 

A safety evaluation of lane widths for arterial roadway 
segments found no indication, except in limited cases, that the 
use of narrower lanes increases crash frequencies. The lane 
width effects in the analyses conducted were generally either 
not statistically significant. or indicated that narrower lanes 
were associated with lower rather than higher crash 
frequencies. There were limited exceptions to this general 
finding. It was found that crash frequency in one city was 
higher for 3.0 m lanes than for 3.3 and 3.6 m  lanes on four-
lane undivided arterials and was higher in the other city for 2.7 
m lanes that for 3.0 m lanes on four-lane divided arterials. 
However, neither of these statistically significant effects 
observed in one city were statistically significant in the other 
city. 

The lane width effects in the three analyses conducted were 
generally either not statistically significant or inconsistent. 
With only one limited exception, there is no indication that the 
use of lanes narrower than 3.6 m on intersection approaches 
leads to increases in crash frequency. The data for one city 
showed higher crash frequencies for approaches to four-leg 
STOP-controlled intersections, for approaches with 3.0 m lanes 
than for approaches with 3.6 m lanes; however, just the 
opposite was found in data from the other city. 
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It is concluded from this paper that there is no indication 
that crash frequencies increase as lane width decreases for 
arterial roadway segments. 

These findings suggest that the AASHTO Green Book is 
correct in providing substantial flexibility for use of lane 
widths narrower than 3.6 m on urban and suburban arterials. 
Use of narrower lanes in appropriate locations can provide 
other benefits to users and the surrounding community 
including shorter pedestrian crossing distances and space for 
additional through lanes, auxiliary and turning lanes, bicycle 
lanes, buffer areas between travel lanes and sidewalks, and 
placement of roadside hardware. Interpretation of design 
policies as rigidly requiring the use of 3.6 m lanes on urban and 
suburban arterials may miss the opportunity for these other 
benefits without any documentable gain in safety. 

The paper found three situations in which the observed lane 
width effect was inconsistent—increasing crash frequency with 
decreasing lane width in one city and the opposite effect in 
another city. These three situations are: 

• lane widths of 3.0 m or less on four-lane undivided 
arterials. 

• lane widths of 2.7 m or less on four-lane divided 
arterials. 

• lane width of 3.0 m or less on approaches to four-leg 
STOP-controlled arterial intersections. 

Because of the inconsistent findings mentioned above, it 
should not be inferred that the use of narrower lane must be 
avoided in these situations. Rather, it is recommended that 
narrower lane widths be used cautiously in these situations 
unless local experience indicates otherwise. 
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Abstract— The mosque has always been a prominent unit that 
used to structure the old Islamic cites. Its architecture through the 
Muslim world has always aroused the interest of many researchers. 
Actually, the mosques are still built while undergoing the changes 
which occurred on the modern societies. However, only few research 
who have been interested in the new mosques. 
This research targets the architecture of mosques built in Tunis 
governorate between 1975 and 1995. Through a morphological 
analysis of 24 mosques we were able to determine their identity and 
their morphological structure, and according to their form and 
position, we discovered classes of specimen and classes of segments. 
Our corpus presents several constants and variations that we can 
explain though the introduction of some extrinsic attributes. 
In fact, these architectural objects possess some morphological 
specifications related to some urban, functional and historical 
factors. 

Keywords— New mosque; Tunis gouvernorate; morphological 
structure; form; position 

I.  INTRODUCTION 

The mosque is considered as the main manifestation of 
Islamic art. There are many researches that were interested in 
these architectural objects. These studies have been essentially 
focused on the former mosques. Some of them took an interest 
in their spatial structure [1] others focused in their stylistic [2, 
3, 4, 5]. Nevertheless, some researches were interested in the 
contemporary mosques [6, 7]. Whereas researches on Tunisian 
mosques have remained limited to that which concerning the 
ancient mosques [8, 9, 10, 11]. 

In this research we are interested in identifying the 
morphological structure of the mosques space of the Tunis’s 
governorate built between 1975 and 1995 [12].This is why we 
used the method of morphological analysis which allows the 
comprehension of the morphological organization of the man-
made objects [13]. This method reveals the rules that govern 
the conformations. Thus, while revealing the constants and 
changes forms, it allows to determinate the identity class of 
studied objects. So we can identify the distinctive features 
through analysis and morphological decomposition resulting 
in an intelligible classification. 

Applied to a corpus of 24 mosques, this method allows us 
to define their characteristics in a systematic identification 
process. It is therefore applied to understand the combinatorial 
systems of forms. In fact, we assume that there is a logical 
formal organization of mosques built in Tunis from 1975 to 
1995 that we are trying to reveal and explain through the 
plans. We can then relate the intrinsic morphological 
knowledge with other fields of knowledge; this may provide 
extrinsic explanations in what we have observed. So we can 
identify the relationship that may exist between these 
architectural objects and its physical, temporal and cultural 
context. 

II. GENERAL CONTEXT OF STUDY 

A. Definition of the mosque 
The Arabic word "Masjid", Mosque combines the root of 

the word "Sajda" that means prostrate by putting the forehead 
to the ground and the location prefix m, thus refer to a place 
for inclination conformed to the attitude of prayer. So the 
mosque is a worship place reserved for communal Muslims 
prayer. With time and gradually with the expansion of Muslim 
community, the term "Masjid" was reserved to the little 
mosque, the neighborhood or local mosque where people 
gather for prayer five times per day except on Friday when 
they head to the "masjid Djami" or simply "Al-Jami" that refer 
to the main or the great mosque, a meeting and a gathering 
place where the "Imam" led the prayer and addresses a speech 
("Khutbah") to the faithful. 

B. Tunisian mosques, identifed models 
The main family of mosques identified in Tunisia is the 

hypostyle Mosque which is characterized by "Arab" or 
"Hypostyle" plan. The great mosque of Kairouan is one of the 
oldest places of worship in the Islamic world. Built in 670, it 
was the first constructed mosque in North Africa and has 
served as a model in the construction of all later mosques in 
the Maghreb. These mosques have rectangular plans with an 
enclosed courtyard and a covered prayer hall whose roof is 
supported by numerous columns and supports. This kind of 
mosque has the flexibility to expand according to the 

125



population growth. Even though Tunisia was part of the 
Ottoman Empire going back to the 16th century, no mosque 
has been constructed according to the ottoman model only one 
attempt at the Mohamed Bey Al-Mouradi Mosque (1692) that 
was uncompleted. In fact the Turkish contribution has 
remained limited to the addition of architectural or decorative 
elements. 

C. Spatial components 
• The prayer hall: it is a covered space and not 

necessarily enveloped, intended to receive the faithful 
for the communal prayer. The orientation is the only 
directive required for the place of prayer which must 
be oriented to the "qibla". The prayer hall brings 
together some elements as the "Mihrab" (a niche 
defining the direction to which faithful must turn 
toward for praying) and the "Minbar" (a pulpit which 
is usually made of wood, it takes the form of a flight 
of steps. It is used by the "Imam" to address the 
faithful during his sermon "khutba" for Friday 
prayers.) 

• The gallery: it is colonnaded or arcaded porticoes, it 
surrounds one or more of the courtyard side and 
ensure the passage from covered area to open space. 

• The courtyard: it is an uncovered area; it is a transient 
space between the outside and the prayer hall. It 
allows extension of area of prayer especially in warm 
periods. 

• The ablutions room: This is a space reserved for 
ablution; the faithful can be put in a state of ritual 
purity before performing his prayer. It may be at the 
entry or in front of the building. A fountain placed in 
the middle of the courtyard can also be used for 
ablution. 

• Minaret: It is a tower used to call the faithful to prayer 
five times a day by a "muezzin" also the Minaret 
seems to have a signaling role so it marks the location 
of the mosque in the agglomeration and it indicates 
the presence of Islam in the city. 

III. MORPHOLOGICAL ANALYSIS 

A. Study of the morphological structure (spatial structure) 
Certainly, all the specimens of this study have the same 

"nominal identity". They are defined as kind of things that 
have the same name but do not necessarily have the same 
morphological identity. It is therefore necessary to understand 
their morphological characteristics considered meaningful. 
These conformations are composed entities. They are 
consisting of contiguous elements which are not organized in 
coincidental internal structure. So we are trying to understand 
the modalities of their spatial occupation.  

1) Codification 
• All specimens S are positioned so that the wall of the 

"qibla" is placed horizontally and the "qibla" is 
directed upward. 

 

Fig. 1. The positioning of specimens. 

• Each specimen of the collection is composed of a 
main element the central core N and a set of 
peripherals Px that surround it. The central core N is 
represented by a colored square in orange while 
peripherals Px are represented by black dots. They are 
distributed around the central core N in 8 positions. As 
shown in figure 2, they are regrouped in two 
categories: 

- Peripheral Pc which positions are on the side of 
central core N and are colored on red; they are 
peripherals positions of type C. 

- Peripheral Pi colored in blue, which positions are 
intermediate and intersect the positions of type C; they 
are peripherals position of type I. 

 

Fig. 2. Positions of peripherals Px. 

2) Hypothesis 
For each specimen in the collection there is a central core 

N which makes the unity and homogeneity of objects of study; 
peripherals Px are implanted in relation with the central core 
N. We suppose that the position of Px relative to N is 
meaningful, a hypothesis to be tested later. 

3) Morphological analysis and results 
a) First step:Identification of the central core N 

The interest is taken in the identification and the 
delimitation of the central core N in each specimen of the 
collection. N is the main core of the mosque. It is a covered 
and a dominant element; it is identified by its preponderance 
and important proportions in relation to the other entities. 

b) Second step: Determination of peripherals Px 
Peripherals Px are elements which surround the central 

core N. We consider “n” the number of the peripherals Px 
which varies between 0 and 8 in function of the number of the 
positions that Px occupy. So the spatial structure of the 
mosque relative to the number of peripherals Px is:  

N+ nPx with 0 ≤ n ≤ 8 
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Fig. 3. Spatial structure of S1specimen relative to the number of peripherals. 

c) Third step: Qualification of the positions of 
peripherals Px 

When peripheral Px is in the areas of C-type positions, it is 
a peripheral position C (Pc) and when it is in the areas of I-
type positions, it is a peripheral position I (Pi). Pc has 4 
peripherals positions P1, P2, P3and P4 and Pi has 4 
peripherals positions P1-2, P2-4, P3-4 and P1-3.Pc and Pi 
have respectively a number n’ and n” of positions. So the 
spatial structure of the mosque relative to the positions of 
peripherals Px is: 

N+ n’Pc+ n”Pi   with 0 ≤ n’ ≤ 4 and 0 ≤ n” ≤ 4 

 

Fig. 4. Spatial structure of S1specimen relative to positions of peripherals. 

Thus there are different scenarios of morphological 
structures of mosques; the table below identifies the various 
possible combinations of Pc and Pi. Models found in our 
collection are marked in blue.  

TABLE I.  SCENARIO RELATING TO STRUCTURAL MODELS 

 n’Pc 
0 1 2 3 4 

 
 

n"Pi 

0 N N+1Pc N+2Pc N+3Pc N+4Pc 
1 N+1Pi N+1Pc+1Pi N+2Pc+1Pi N+3Pc+1Pi N+4Pc+1Pi 
2 N+2Pi N+1Pc+2Pi N+2Pc+2Pi N+3Pc+2Pi N+4Pc+2Pi 
3 N+3Pi N+1Pc+3Pi N+2Pc+3Pi N+3Pc+3Pi N+4Pc+3Pi 
4 N+4Pi N+1Pc+4Pi N+2Pc+4Pi N+3Pc+4Pi N+4Pc+4Pi 

d) Study of the positions of the peripherals Px 
In order to understand the modalities of spatial occupations 

of the peripherals Px, we chose to proceed to the processing of 
data by seriation. In fact, it tends to streamline the mechanism 
of visual decomposition that remains subjective and subject to 
several assumptions. So the results obtained are more 
objective. For this, we chose to use the software BSK.  

We first begin by drawing up an Excel table; the first row 
is reserved for attributes and the first column is reserved for 
specimens. As the collection contains 24 specimens (from S1 
to S24), we define each specimen studied by a number (from 1 
to 24). The attributes used are the 8 positions of the 
peripherals Px. Each cell of the table is coded by a series of 
numbering 0 and 1 depending on the absence or presence of 

the attribute in question. This program class 0 and 1 by 
seriation of rows and columns. The result is presented in 
graphs which regroups the corresponding specimens in 
classes.  

 

Fig. 5. Results of data processing seriation. 

By comparing the three graphics which are results of 
objective interpretation (The graph BSK, the corresponding 
Excel table and curves of specimens measuring inter- 
specimens and intra-attributes), we distinguish four major 
classes or families of specimens. Each family can be subject to 
a second degree of division into subsets of specimens. We 
note the existence of attributes common to the four classes and 
other variable attributes that distinguish them. 

TABLE II.  SPECIMENS OF EACH CLASSESS 

 

At this stage we can define a structural organization of 
specimens. The production of knowledge around this series of 
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objects that have the same nature is based on classifying 
methods. The spatial structure is described in terms of 
combination of elementary structured conformations. By 
comparing structural models with classes, we note that 
structural model can exist in more than one class but every 
class has a spatial conformation of the structural model to its 
own. So classes have spatial structures that converge to the 
same structural model while presenting spatial conformations 
specific to the class they belong. 

 

Fig. 6. Spatial conformations and structural models of mosques of 
gouvernorate of Tunis constructed between 1975 and 1995. 

Specimens in our collection are not homogeneous in terms 
of spatial conformation but have homologies positions that 
translate an inter-specimens convergence reflecting the 
equivalence of morphological structure of classes. These 
conformations are defined as molds in which can slip 
architectural matters and this is what we have tried to study in 
the next chapter. 

B. Study of the constituent elements 
1) Study of the central core N 

This step look at the form of the central core N and its 
position in the parcel, we have first proceeded to the 
identification of the spatial conformation of N in each 
specimen of the collection. Then in a first level, we have 
gathered the forms of N determined in order to compare them 
and to classify them into groups of forms. In a second level, 
we have observed the way of implantation of N in the plot to 
determine the possible positions of N in the parcel. In a third 
level, and to synthesize, we have compared the two results in 
order to obtain classes of central core N according to their 
shape and their positions in the plot. 

We noted that the mode of implementation found for 
almost sub rectangular shapes is that adjacent to one or more 
sides of the plot. It is therefore more likely to have a central 
core N irregularly shaped when it is implanted adjacent to the 
plot. Also we noted that the most common implementation 
mode for rectangular shapes is that inside of the plot. So we 
concluded that the positioning of the central core N in the plot 
affects its shape. 

2) Study of the peripherals Px 
In this section, we focused on the forms and the positions 

of elements that make up the peripherals Px. these peripherals 
represent a compound whole, so they can constitute units of 
study subject to morphological segmentation. We proceed in a 
first step to analytical decomposition to identify segments that 
characterize the morphology of the peripherals Px. Then in a 
second step we proceed to the study of the form and the 
position of each group of homologous segments. By using the 
morphological analysis, we try to understand and identify the 
parties in the whole and the whole in the parts. So, principle of 
segmentation or decomposition is the spotting of obvious 
discontinuities or lysis that governs peripherals Px. Lysis is a 
perceptible mean of delimitation or boundary between 
adjacent segments. 

 

Fig. 7. Analytical decomposition of peripherals Px. 

Then we must observe the manifests discontinuities and 
break down each unit of study into separate segments. Once 
the decomposition established, we proceed to the observation 
by comparing segments of all units to identify any regularities 
or variations of them. Therefore, the homologous descriptor 
should be strictly defined and must ensure a bijective 
correspondence relation from one peripheral to another, 
segment by segment and between each segment of different 
peripherals. In our study, we specify that the equivalence 
relationship between the segments is based on the 
conformation of the segment and supplemented by the space 
usage. 

TABLE III.  COLOR CODIFICATION OF HOMOLOGOUS SEGMENTS OF 
PERIPHERALS PX WITH PRESENTING FUNCTION 

Attribute Name Conformation/space usage 
C Discovered element (courtyard) 

 
G Covered and open element; separating N(central 

core) and C(courtyard) 
M Dominant vertical element (Minaret) 

 
I Alveolate element directly related to N (the room of 

the Imam) 
A Alveolate element(the room of the Imam) 

DE Input device 

 
H transitional element; between N and other segments 

(Hall) 
J The rest 

So we can draw up a catalog of basic forms of each group 
of homologous segments. Then we try to classify it according 
to the shape and position relative to the central core N. Forms 
of elementary conformations are classified manually so that 
we get classes of same forms or equal. Then to further 
characterize the position of the segment through the collection, 
we conducted a data processing by seriation. The result 
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showed the existence of groups of positions according to their 
frequency for each segment. 

a) The study of the segments M (Minaret) 
The study of the segments M (Minaret) showed that it 

exists in each specimen of the collection. We find particularly 
the square shape then the octagonal and rarely the circular 
form. 

TABLE IV.  CLASSIFICATION FORMS OF THE SEGMENT M ( THE MINARET) 

 

Then to find classes of segments according to their 
positions, we conducted a data processing by seriation. the 
result of the objectification of the data showed that there are 4 
classes of segments and 4 groups of positions: the first 
corresponds to strongly present positions (P4).The second 
moderately present positions (P2).The third weakly present 
positions (P2-4) and the fourth rarely present positions (P1, 
P3, and P1-3). 

  

Fig. 8. Data processing seriation  

b) The study of the segments C (Courtyard) 
We note that some units of study have more than one 

segment C (courtyard) while other may not have it. 
Classification table of elementary forms of this segment 
showed that it is mostly irregular shaped. 

 

 

 

TABLE V.  CLASSIFICATION FORMS OF THE SEGMENT C ( THE 
COURTYARD) 

 

Also, the result of data processing showed that most 
segments occupy the C-type position and more precisely P2, 
P3 and P4 and never P1. The position P4 is the most frequent 
position. However, we distinguish a class with segments that 
occupy more than one position. 

  

Fig. 9. Data processing seriation  

c) The study of the segment G (Galery) 
Elementary forms of the segment G are classified 

according to their overall conformations and according to their 
conformations in relation to the courtyard segment. For 
example the group of rectangular shapes has 4 subsets 
according to the conformation of gallery segment in relation 
with the courtyard segment. In fact, we find a subset of the 
gallery which is located on one side, on two sides, on three 
sides or on four sides of the courtyard. 

TABLE VI.  CLASSIFICATION FORMS OF THE SEGMENT G ( THE GALLERY) 
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Also we find four classes of segments G according to their 
positions around the central core N. the first includes only the 
segments having the position P4, the second contains 
segments which have positions P2, P2-4 and P4. The third 
group has segments in the position P4 and P3-4. The fourth 
contains segments having position P3, P1-3 and P3-4. 

  

Fig. 10. Data processing seriation by BSK. 

a) The study of the segment I (the room of the Imam) 
Most of segments I have a rectangular or subtriangular 

shape. But also they can have subrectangular, triangular or 
complex shapes. 

TABLE VII.  CLASSIFICATION FORMS OF THE SEGMENT I ( THE ROOM OF 
THE IMAM) 

 

Then, we find three groups of segments I relative to the 
positions. The first contains segments in P1 position, the 
second includes segment which occupies more than one 
position (P1, P1-2 and P2). The third, segments in P3position. 

  

Fig. 11. Data processing seriation by BSK. 

C. Interpretive essay by extrinsic attributes. 

a) Access to the prayer hall and the direction of the 
"qibla", two determining factors in the position of the 
segments 

On a functional level and without taking account of the 
direction of the "qibla", the spatial conformation of the 
hypostyle mosque is characterized by the succession in the 
order of these three elements: courtyard (C), gallery (G) and 
prayer hall (N). To access the prayer hall, the faithful passes 
through a transitional space between the outside and the prayer 
hall, it is the courtyard or the "s’han" which is juxtaposed on 
one or more than one of its sides by a gallery, the latter allows 
the passage between the covered space which is the prayer hall 
and the uncovered space that is the courtyard. 

By introducing the extrinsic attributes access to the prayer 
hall and the direction of the "qibla" the couple (Courtyard; 
Gallery) changes its position relative to the central core N (the 
prayer hall). We found three spatial conformations: 

In the first conformation the direction of the "qibla" is 
parallel to the direction of the entrance to the prayer hall. 
Other components of the mosque, as the ablution room and 
minaret, are located on either side of this couple and can 
occupy the P4 position with the possibility of continuity in the 
intermediate positions P2-4 and P3-4. 

 

Fig. 12. Example of specimens with (C;G) in P4 position. 

So we can identify this rule: If access to the prayer hall is 
parallel to the direction of the "qibla" then the couple (C, G) 
occupies the P4 position.  

In the second and the third conformation the direction of 
the "qibla" is perpendicular to the direction of the entrance to 
the central core N. In the first case the couple (C, G) occupies 
the position P2 and the other components of the mosques are 
in P2 position through continuities to intermediates positions 
(P1-2 and P2-4).  

 

Fig. 13. Example of specimens with (C;G) in P2 position. 

In the second case, the couple (C, G) occupies the P3 
position and the other components too through continuities in 
intermediates positions (P1-3 and P3-4). 
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Fig. 14. Example of specimens with (C;G) in P3 position. 

So we can identify this rule: If access to the prayer hall is 
perpendicular to the direction of the "qibla" then the couple 
(C, G) occupies the position P2 or P3. 

We note that the specimen S23 (Fig.13) does not have a 
gallery. So the couple (C; G) is not interdependent. The 
presence of the courtyard does not depend on the presence of 
the gallery but the presence of the gallery depends on the 
presence of the courtyard. So, if there is gallery, there is 
courtyard but the opposite is not true the courtyard can exist 
without the gallery. 

b) historical influences 
Spatial conformation of certain segments of the unit of 

study can be explained by historical influences. Of the one 
part we notice that some mosques draw their forms from 
Arab-hypostyle mosques. 

 

Fig. 15. Example of specimen with influencesto hypostyle mosques 

 And on the other they draw their forms from Ottoman 
mosques. We found that especially at the courtyard and 
minaret segment. In fact, the courtyard which juxtaposes the 
prayer hall on more than one side is a characteristic of the 
Turkish mosque whereas the courtyard of the Arab hypostyle 
mosque is located on one side of the prayer hall. The first 
mosque built by the Ottoman in Tunis was that of Youssef 
Dey (1615), which also draws its origins from the Piali Pasha 
mosque built in Istanbul (1585). 

 

Fig. 16. Example of specimen with influences to Ottoman mosques 

Then the octagonal minaret which is a variant of the 
cylindrical minaret, it appeared in Tunisia in the 16th century 
with the arrival of Ottomans. It evokes Turkish influences 

because it reflects the "Hanafi" rite which became the rite of 
Tunisia at the Ottoman period while the square minaret which 
is a characteristic of the Arab hypostyle mosque reflects the 
belonging to the "Maliki" rite. 

c) Relationship between "mihrab" (component of 
central core N) and the room of the Imam 

The collection subject of this study includes 86% of 
specimens with the segment I (the room of the imam) in the 
P1 position through continuities to the intermediate positions 
(P1-2 and P1-3). The segment I is adjacent to the prayer hall 
on the side where is the "mihrab". In the rest of specimens the 
segment I cannot be placed on the side where the "mihrab" 
exists because the proportions of the terrain do not allow that; 
so segment I is located in position P2 or P3 so that it is in 
direct relation with the prayer hall. 

So we can identify this rule: If the proportions of the plot 
make it possible, the room of the Imam is always placed in 
P1position if not in P2 or P3 position so that it is directly 
related to the prayer hall. 

d) Shape, proportions of the parcel and direction of the 
qibla, determining factors in the form of the segments 

Shape, proportions of the parcel and the direction of the 
"qibla" can explain the spatial conformation of segments of 
specimens in the collection. In fact, the rapid changing of 
Tunis after the independence as well as new mode of 
urbanization induced to new mosques new forms to adapt the 
shape of Parcel which is assigned during the urban planning. 
Thus it no longer takes into account the direction of the 
"qibla" in the subdivision; the latter is designated by a 
surveyor before the design of the mosque in question. Then we 
note that the "qibla" wall is not always parallel to the axis of 
the street. 

 

Fig. 17. Specimens with segments having irregular forms. 

Schematically, we can summarize the process that makes 
the peripherals Px have irregular forms (subrectangular or 
subtriangular) as following: 

 

Fig. 18. peripherals irregularly shaped. 
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Peripherals Px have regular forms when the "qibla" wall is 
either perpendicular or parallel to the axis of the street. Also 
the regular form of the plot has strongly contributed to the 
regularity of forms. 

 

Fig. 19. Specimens with segments having regular forms. 

Schematically, we can summarize the process that makes 
the peripherals Px have regular forms as following: 

 

Fig. 20. peripherals regularly shaped. 

On the other hand we notice that the shape of the parcel 
significantly affects the shape of the peripherals Px, as is the 
case for the triangular plot.  

 

Fig. 21. forms of peripherals Px and forms of the plot. 

However, we can found peripherals having regular shapes 
although Parcel is irregular;   especially when the land is large 
enough and allows implanting a mosque whose segments are 
regularly shaped. 

 

Fig. 22. forms of peripherals Px and proportions of the plot. 

IV. CONCLUSION  
In this paper we were interested in studying the 

morphology of 24 mosques built in the governorate of Tunis 
between 1975 and 1995. By using the morphological analysis 
we were able to focus on the internal organization of the plan 
which is composed of a central core N and a set of peripherals 
Px. The study of the position of these peripherals relative to 
the central core revealed a combinatorial system of spatial 
structure. In fact, the number of peripherals makes unity 
between classes while their positions allow structural 
diversity. Then the study of the conformation of the central 
core N showed that it has a plastic variation which can be 
related to its position in the parcel. Furthermore, the 
comparative decomposition of peripherals Px has allowed us 
to identify groups of homologous segments that have been the 
subject of a classificatory study according to the form and the 
position of their elemental conformations. We concluded that 
they have not only a plastic variety but also a disparity of 
positions that can be related to some extrinsic attributes such 
as access to the prayer hall, the orientation of the "qibla" or the 
shape and proportions of the parcel. 

These results provide us with an important knowledge 
about these mosques and encourage us to further deepen our 
research. Indeed the results of our study cannot claim to be 
complete or exhaustive. This would require a broader point of 
view the number of specimens and point of view space-time 
corpus. Then one might consider the study of the mosque in its 
urban context and project a comparative study of the ancient 
and the new Tunisian mosque. 
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Abstract— Roman civilization lefts many archaeological traces in 

the proconsul Africa after the destruction of Carthage in 146 BC. 

The Roman architecture is a major part of this civilizational 

heritage that has influenced researchers from various fields. 

Related works have focused on the Roman public monuments. 

However, the study of Roman settlement with a special interest to 

characteristics of the spatial structure and morphology remain 

very rare. In this research, we specially focus on the study of 

“Domus” of Roman Tunisia from 146 BC until 439 before. 

Through a morphological analysis of a corpus of thirty “Domus”, 

we aim to identify their characteristics by determining the 

morphological identity through one or more structural models. 

We conclude that the “Domus” of Roman Tunisia don’t obey to 

the same morphological organization but they have varying 

structures according to the geographical location and historical 

period. These results provide us original architectural knowledge 

of this “Domus” and certainly raise several research questions. 
Keywords— Morphological analysis; "Domus" of Roman Tunisia; 

Structural models. 

I.  INTRODUCTION  

The general thematic of our work is the multidisciplinary 

study of the built heritage and its structural morphology. Such 

a study can have very distinct objectives: architectural 

interventions (conservation, development, etc...), 

documentation (archive management, information systems, etc 

...) or even architectural or historical analysis (refunds, put in 

comparison, etc ...). 

Our paper highlights the application of scientific methods 

of, as a tool  in the implementation of a process of structuring 

knowledge, and as a means of formalization of existing 

architectural object in order to appear the characteristics. The 

study and the understanding of the heritage buildings are 

based on a thorough morphological analysis, structural 

modeling [1] (Analysis Method development by the laboratory 

for the analysis of architectural forms “LAF” 

National School of Architecture, Lyon). In addition, the study 

of built heritage, and understanding the spatial structure of this 

architecture, raises fundamental methodological questions: 

 Discretization of the built heritage in corpus 

elements, modeled and structured while these 

elements are marked by a high variability; 

 Heterogeneity, informational variability of 

sources documentary collected in the study.  

II. THE STUDIED CORPUS: THE ROMAIN DOMUS OF TUNISIA 

Roman domestic architecture presents a heritage from an 

architectural know-how that we must try to recognize. They 

took forms, dimensions and functions arising of materials 

available, techniques and local geographic context. See “Fig. 

1”. In this research, we are interested in the study of a corpus 

of thirty houses spread over the whole of the Tunisian territory 

shown in “Fig. 2”. 
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Fig. 1. On the left, map of Roman cities in Tunisia. On the right, Three  

romain domus of Tunisia: Triomphe de Neptune (Acholla ),Nymfarum 
(Nabeul) et Pavone (El Jem) [2] 

 

Fig. 2. The Corpus of Study: Thirty houses spread over the whole of the 

Tunisian territory. 
 

III. BACKGROUND AND ASSUMPTIONS 

Roman architecture has proven through technical prowess, 

and the quality of both public and private spaces that 

produced. The solidity of the construction has enabled a 

number of them to resist the onslaughts of time and men, 

sometimes through the functional diversions who have 

avoided they are considered only as stone quarries easy to 

operate which was quite often the case. This architecture 

despite it was inspired by the Greek architecture, it has not a 

backward form, it has succeeded to create its own language 

and its own originality. 

In response, we hypothesized that the “Domus” of Roman 

Tunisia does not obey the same structural organization. Under 

this hypothesis, we have worked to develop rules of 

identification and formalization of architectural concepts. This 

approach seeks , from observation the “real” , to structure a 

theoretical structural model of architectural corpus, aimed to 

identify a specific architectural knowledge on the knowledge 

and know-how specific to this architecture in order to 

formalize. This approach reinterpreting the duality  

disposition / form, can transfer quite well in software 

implementations through  the “BSK” module associated to 

Matlab (“BSK” is a statistical analysis software that allows us 

to manage the results by seeking statistical similarities 

between specimens and properties, it finds the implications 

between attributes, while mobilizing the morphological 

properties only or the contrary. The software is capable to 

perform permutations of columns and rows based on the 

frequencies).  

IV.  PROPOSED APPROACH 

Our study is mainly based on the method of morphological 

analysis. This method allows understanding and formalization 

of objects of knowledge in order to show their characteristics. 

This method seeks to determine the morphological identity of 

the studied object by constructing one or more structural 

models of the object under consideration. Consequently, we 

have performed a decomposition of the architectural object 

into segments according to the manifest discontinuities and 

then, we have tried to regroup the “Domus” having the same 

structures of segmentation. This stage will be followed by a 

statistical analysis (degree of absence or presence of 

segments). The analysis that we conducted allowed us to 

identify the structural models relating to the disposition of 

segments and the nature of the shapes of components. See 

“Fig. 3” below; 

Fig. 3. The process of structural analysis 

 

V. ANALYTICAL DECOMPOSITION OF THE  “SCIENTIFIC 

OBJECT ” 

According to B. Duprat, the principle of this step is to observe 

the apparent morphological discontinuities of these objects; 

decompose (by thought!) each of the specimens in the 

collection in separate segments; note this decomposition for 

each specimen by a symbolic means of your choice. [3] 
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A. Cutting mode of the “scientific object” 

It's a matter to “decompose” the plans in “homologous 

segments” while respecting the principle of “morphological 

discontinuities” to determine the limits of our decomposition. 

This approach consists of reading the structure of the plan 

only to subsequently try to understand each part of the whole, 

see “Fig. 4”.  

Fig. 4. Excerpt from sheets of decompostion 

 
 

B. Structural model 

Based on these sheets, we can highlight the morphological 

structure of the plan of the "Domus", by registering the 

organization of their homologous segments of a specimen to 

another. Below, the structural model provided shown in “Fig. 

5”. 
Fig 5. Structural model of the Roman “domus” 

 

VI. RESULT OF PROCESSING MORPHOLOGICAL DATA 

A.  Data processing by the  module associated to Matlab 

“BSK “ 

We obtained according to the results of data processing by 

the module associated to Matlab “BSK” two distinct families. 

See “Fig . 6”. Each family contains subfamilies. We note that 

for each family, there are two invariants (A) and (B):  

 1st family (F.1): group (A+B) + (C+D+G+J+K) ; 

 2nd family (F.2): group (A+B) + 

(C+D+E+F+G+H+I+J+K). 

Fig 6. Result of seriation 

 

B. Defiition of structural model 

 

For each family we construct a representative structural 

model which includes all the specific components to this same 

family. Each family presents subfamilies at the bottom of 

each, see TABLE I.  
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TABLE I. Structural model for each family 

 

1st family (F.1) 2nd family  (F.2) 

 

 
 

 

VII. ESSAY  OF EXTRINSIC EXPLANATION  

The understanding of the built heritage is based primarily 

on information analysis, often dispersed, heterogeneous 

and incomplete, outcome of various historical treaties and 

previous research, fixing a dataset (history, trends, etc ...) of 

the studied objects. These data, beam plus signs than 

certainties, are the result of previous research. This 

interpretation phase is used to associate to an object many data 

of information whose analysis will specify the degree of 

likelihood of any object of knowledge with the generated 

structural model. In other words, specify the morphology of 

the houses of Roman Tunisia while identifying the logical of 

conformation and organization in order to determine the rules 

relating to know and know-how that led to their construction. 

The results obtained will be confronted with extrinsic data 

(geographical location, historical period and social class) for a 

better understanding of structural models obtained. This 

interpretation raises two questions: 

 Confrontation of morphological structures of 

subfamilies obtained with the geographic clustering 

formed from the geographical location of different 

“Domus”; 

 Classification of morphological structures of 

subfamilies obtained as a function of social class. 

A. Essay of extrinsic explanation: by geographic location 

In terms of this analysis bearing on the disposition of 

segments, we were able to identify two distinct families of 

“Domus” which in turn are divided into six “structural 

models”. The confrontation of results obtained on the intrinsic 

data to the form of information and extrinsic data allowed us 

to deduce that the families of the “Domus” are grouped by 

specific geographic locations. This means that morphological 

structures had appeared in very specific locations. According 

to this superposition, we note that:  

 Family (F1): with the most simple morphological 

structure, is located in the north-east and center-east 

with the simplicity of their forms reflect the ancient 

Roman cities with these small houses where the 

architecture is not yet sufficiently developed. able that 

this cities will enlarge and rise from the lower status of 

colony and assimilate to the city by excellence; 

 Family (F2): with the more complex morphological 

structure, is located in the north-west, center-east and 

throughout the territory, and occupying the site of El 

Jem “Thysdrus”, which is considered among the rich 

Roman colonies. According to H.Slim [4], in the Jem, 

monuments hit by the greatness of their plan, the 

quality of their architecture and the beauty of their 

surroundings, see “Fig. 7” and “Fig. 8”.  

 
Fig 7. Geographical clustering of families obtained 

 

 

Fig 8. Morphological structural superposition of families in relation to their 
geographical location 
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We draw up  the summary table below , see TABLE . II. 

TABLE II. Summary table

Family 
Geographic 

location 

Type of 

structural 

model 

Structural model 

 

F.1 

F.1.1 North-east 

Simple 
   

F.1.2 
Centre-East 

F.1.3 F.1.1 F.1.2 F.1.3 

F.2 

F.2.1 Centre-west 

Complex 
   

F.2.2 Centre-east  

F.2.3 
Throughout 

the territory F.1.1 F.1.2 F.1.3 

B. Essay of explanation extrinsic: by historical period  

We take the example of the Second Family. We found that 

the chronology of “Domus” of this family, for their first phase 

varies between the third century BC and the fourth century 

AD where the province has known relatively prosperity after 

the crisis in the Empire during the second half of the third 

century AD, after the death of Severus, see “Fig . 9”. 

 

Fig 9. The chronological distribution of the 2nd family (F.2) 

 
a. specimen number 

We draw up  the summary table below “TABLE III “; 

TABLE III.:Summary table 

Family  Historical period 

F.1 

 

F.1.1 

1st-4th century AD F.1.2 

F.1.3 

F.2 

F.2.1 

2nd - 5th century AD F.2.2 

F.2.3 

C. Essay of explanation extrinsic: by social status 

In Roman private home, there is a close link between 

social class and spaces of the house; according to the different 

roles and functions they can shelter, see “Fig. 10”.The 

prescription of Vitruvius not fails to recall the link between 

social status and housing. According to Vitruvius; the house is 

the social window of the owner, its brand image [5]. This 

justifies the results of one family whose forms reveal “Domus” 

Roman less grandiose and that occupy the area north-east and 

east-central Tunisia. 

 
Fig10 : Plan type of  "Domus" Roman of a certain standing 

 
 

Fig11 : Spatial components of the "Domus" according to the social status of 

owners 

 

Trader Lawyer Magistrate 

 
 

 

 

It is in the interior sites that we discover the family 2 (F2). 

According to H.Slim [6] in the Jem, Tipasa, Mactaris and 

others, the “Domus” hit by the greatness of their plan, the 

quality of their architecture and the beauty of their decor. In 

most cases, this model includes a wide variety of diverse 

models. We note that these three families F.2.1, F.2.2 and 

F.2.3 equate to the Roman city par excellence. They have 

progressively emerged with the evolution and development of 

the empire. 

We can say that in Roman private house there is close link 

between social class and spaces of the house and that 

according to the different roles and functions they can shelter, 

see “Fig . 11”. 

The variety and diversity of forms come from different 

conditions of people they can shelter; we can say that we will 

be satisfied with the rules of convenience which Vitruvius 

spoke in his first book that every home meet, as appropriate, 

all that can be convenient and appropriate [5]. 

a 

a 
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D. Synthesis 

This scientific study seeks to establish one or more 

structural model that summarizes the logical organization of 

the houses of Roman Tunisia and to identify the composition 

laws governing their construction. 

 

VIII. CONCLUSION 

At the end of this study, we can see that we managed to 

check that our assumptions have borne fruit. It consists to 

identify the characteristics of the “Domus” of Roman Tunisia 

from 146 BC until 439. In this work, we adopt a method of 

structural analysis. We aim through tests on a corpus of thirty 

“Domus” to identify their characteristics in determining their 

morphological identity through one or more “structural 

models”. This method of analysis allowed us to understand the 

morphological structure of the “Domus” that despite their 

heritage value, research that addressed are still few and far 

between. 

The adopted scientific method suggests that morphological 

classification and extraction of groups of morphological rules 

may be explained by many attributes of an extrinsic order 

depending on geographic location, historical period and social 

class. 

The developed method showed that the architectural 

manifestations of Romain “Domus “, though they may appear 

simple they are multiple and diverse, could be structured into 

two main distinct families, qui in turn are divided into six 

“structural models” typological. Both families represent two 

“major” profiles of the Roman Tunisia. The first reflects the 

ancient Roman city core with small houses, while the second 

represents the profile sumptuous residences having prefigured 

the essential of the architectural production of the Roman 

habitat. These types have a persistent character at the level of 

geographic distribution and served as models during several 

chronological phases. These results give us an original 

architectural knowledge on these “Domus”.  
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Abstract— Water shortage is becoming the largest problem in 

the world today. Freshwater resources have been increasingly 

polluted and depleted globally. The present study was aimed to 

explore the pollution potential of automobile service station 

wastewater and to treat the same by passing compositions. The 

greywater samples were collected from servicing point of an 

automobile workshop and were characterized for parameters like 

pH, Alkalinity, Total Dissolved Solids, Total Suspended Solids, 

Chemical Oxygen Demand (COD), Biological oxygen demand 

(BOD), sulphate, phosphate as well as Total Coliforms. In the 

filter bed five types of materials had been used in three sets of 

different combinations. The materials were fine sand, coarse 

sand, stone chips>10mm, stone chips<10mm and coal. The 

filtered water was collected under constant head above the 

porous media. The analysis of filtered samples of grey water was 

carried out and flow rate was also observed in each case. It was 

found that the grey water so produced can be reused for car 

washing at least once and also for other applications like in road 

sprinkling, gardening, farming etc. 

Keywords— Grey water, Porous media, Constant head, BOD.  

I.  INTRODUCTION 

Freshwater is a vital resource for which there is no 
substitute. Compared to surface water bodies, groundwater is 
relatively protected from contamination by overlying soils and 
geologic sediments. Thus, groundwater resources are ideal for 
human consumption. India faces serious water supply 
problems in many cities and hence measures have to be taken 
to conserve water or recycle the existing water. Grey water 
recycling may be a potential practice that may protect precious 
water reserves. Grey water gets its name from its cloudy 
appearance and from its status as being between fresh, potable 
water (known as "white water") and sewage water (black 
water). In a household context, grey water is the leftover water 
from baths, showers, hand basins and washing machines only 
(Al-Jayyousi et.al., 2003). Grey water reuse is currently 
utilized mostly on small residential scale and has been limited 
primarily to landscaping, irrigation etc. Recycling of grey 
water not only results in conservation of water resources but 

also reduces the discharge into the sewerage systems. Grey 
water can be used for many different types of uses from 
washing cars to watering gardens. On-site wastewater 
treatment is a prospective direction towards the reduction of 
pollution load to the municipal or combined urban wastewater. 
One of such areas is automobile service station and car-
washing. Some of the existing petrol pumps, fuel service 
stations are facilitated with car-washing. The large Car 
washing pools of garage and service stations are insisted upon 
by the respective pollution control boards to provide necessary 
treatment for the effluents. Professional car wash systems 
create wastewater that can cause a great impact on the 
environment, if not properly managed and discharged. 
Contaminants in wash wastewater include oil and grease, 
detergents, phosphates, hydrofluoric acid, ammonium 
bifluoride products etc. Oil and grease and detergents, 
including biodegradable detergents can be poisonous to fish. 
On the other hand, Phosphates, which are plant nutrients, can 
cause excessive growth of nuisance plants in water bodies. 
Hydrofluoric acid, ammonium bifluoride products are harmful 
to living organisms. 

The International Carwash Association (ICA) convened a 
“Think Tank” comprised of the car wash industries experts in 
water conservation including, professional car wash operators, 
manufacturers, water reclaim system manufacturers, and 
professional car wash product suppliers to discuss and 
determine some of the central terminology and a standard 
means of addressing water reclamation issues. (Zaneti R et. 
al.) The technique employed from treatment of car wash 
wastewater comprises a new flocculation-column flotation 
(FCF), sand filtration and final chlorination. Water usage and 
savings audits (20 weeks) showed that almost 70% 
reclamation was possible, and less than 40 L of fresh water per 
wash was attained. Wastewater and reclaimed water were fully 
characterized by monitoring physicochemical and biological 
parameters. Results were discussed in terms of reclamation 
aesthetic quality (water clarification and odour), health 
(pathological) and chemical (corrosion and scaling) risks. 
Noteworthy, this work showed a high count of fecal and total 
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coliforms both in the wastewater and in the treated water, 
making the need of a final disinfection mandatory. According 
to Brown (2000), car wash wastewater reclamation requires 
the separation of grit, oils and greases prior to be reused. Some 
of these process/technologies that have been proposed and 
tested are: reverse osmosis and nanofiltration (Brown, 2000; 
Boussu et al., 2007); ultrafiltration (Jönsson and Jönsson, 
1995); ultrafiltration-activated coal adsorption (Hamada and 
Miyazaki, 2004); electrochemical oxidation (Panizza 
andCerisola, 2010) biological treatment; flocculation–
sedimentation and flocculation–flotation (Rubio et al., 2007). 

Almeida et al. (2010) The study compares three bus-
washing systems operating in São Paulo – Brazil. Two were 
conventional washing, and one was a rainwater harvesting 
system together with a treatment plant for water reuse. The 
environmental costs and benefits were estimated, and potential 
improvements were evaluated using emergy accounting; a 
technique which incorporates the value of nature in human’s 
economy. 

Ghisi et al. (2009) The potential for potable water savings 
by using rainwater for car washing in petrol stations in 
Brasília, Brazil, has been assessed. It was observed that the 
average potential for potable water savings by using rainwater 
was about 33%, fluctuating from 9% to 57%. 

QWC (2008a,b) The Queensland Water Commission 
released. The Vehicles Washing Water Efficiency Guidelines. 
This guidelines serves as a definition of best practices at long 
times; providing information on industry water targets, 
practices and water efficient equipment for specific tasks. A 
target of maximum 70 and 100 L of potable water is imposed 
for washing small and large vehicles, respectively. 

Brown (2002) The International Carwash Association 
(USA) assess both, water usage (including the impact of 
evaporation and carryout) and water reclamation. Maximum 
water reclamation amounted to nearly 82% and the ranged 
between. Carryout plus evaporation was 24.0 ± 17.4% (water 
losses). 

Páxeus (1996) Effluent wastewaters from a large number 
of automatic vehicle washing facilities in Göteborg (Sweden) 
have been fully monitored. COD, and oil content have been 
fully measured. A material balance study did not show full 
elimination of the organic pollutants in the oil separator, 
probably due to the formation of difficult to separate stable 
emulsions. 

NACE (1975) In areas where de-icing salts are used, 
sodium chloride levels may build-up in the reclaimed water. 
Samples of car wash reclaimed waters were taken over winter 
season in two Canadian cities, and analysed for sodium 
chloride content. Results showed an average sodium chloride 
content of 0.039% at Winnipeg, and 0.023% at Edmonton. 
Authors believe that significant corrosion can occur with a 
concentration of chloride in the water as low as 0.04% (400 
mg L−1). 

II. MATERIALS AND METHODS 

The grey water used in the present study was collected from 

automobile washing centre near Tasveer Mahal Aligarh, India 

Ground water was used for the washing of purposes. The 

water which has been used in washing of cars was collected in 

a small manhole and finally discharged in the open drain of 

that area. Grey water samples were collected on an hourly 

basis (from the manhole) and the hourly variation in the 

characteristics of the samples were found out. The grey water 

was treated in the laboratory using a granular bed filter, shown 

in figure 1. 

 
 

Fig. 1 Grey water treatment in the laboratory 

 

The experiments were performed in a filter consisting of a 

cylindrical column fabricated with Perspex material, the 

height and diameter being 45 cm and 10.5 cm respectively. 

The filter bed composition has been varied for different flow 

conditions. The grey water was allowed to pass through the 

different materials to achieve the optimum operating 

conditions and bed composition. The following bed 

compositions were tried. 

 

(i) Fine sand + coarse sand 

(ii) Fine sand + coarse sand + stone chips > 10mm size 

(iii) Fine sand + coarse sand + coal 

(iv) Fine sand + coarse sand + stone chips < 10mm size 

(v) Homogenous mixture of Fine sand + coarse sand + 

stone chips > 10mm size. 

 

During the filtration process the head of the water above filter 

bed remained constant. The level of water was controlled 

through an opening on the top through which, there was 

continuous over flow. The filtered water was collected from 

the bottom of the filter bed.  
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The filtered water from different combinations of porous 

media was collected separately and analysed. Following 

parameters were analysed during the course of the study. 

 pH, alkalinity, hardness, sulphate, calcium, COD, BOD, 

dissolved solids, total coliforms. Flow rates of the samples 

collected from different configurations of the porous media 

was compared in order to evaluate the optimum bed 

requirement.  

The properties of the materials used in the filter are presented 

in the forms of figures 1,2 and 3 and in table 1. 
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Fig1: Gradation curve of fine sand 
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Fig 2: Gradation curve of coarse 
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Fig: 3 Gradation curve of stone chips>10mm 

 

Table 1 Properties of the Materials Used as Filter Bed 

 

Soil Parameters Fine sand Coarse sand Stone 

chips>10mm 

Uniformity 

coefficient (CU) 

2.1 3.75 4.6 

Specific gravity 

 

2.68 3.12 3.82 

III. RESULTS AND DISCUSSIONS 

The following table gives the comparison of water quality 

parameters of grey water of automobile workshop and the 

fresh water being used for automobile washing. 

 
Table 2 Comparison of Characteristics of Grey Water and Fresh Water 

 

Parameters Grey 

water 

Fresh  

water 

pH 7.9 7.2 

Alkalinity (mg/l as caco3) 305 187 

Suspended solids(mg/l) 242.6 0.0 

Hardness (mg/l as caco3) 400 396 

TDS (mg/l) 741 392 

Chloride (mg/l) 92 86 

Sulphate (mg/l) 14.8 12 

B.O.D (mg/l) 19 1 

C.O.D (mg/l) 79 0 

Total coliform (no of coliforms/100ml sample) 20 0 

 

In order to evaluate the optimum filter bed composition 

experiments were performed for the different compositions of 

bed materials as described in previous section. Table 3 

summarises the results of the various experiments. The 

performance of different bed material compositions are 

discussed separately. The flow rate achieved through different 

bed compositions is shown in table 4. 

 
Table 3: Water Quality of filtered Water for different Bed Compositions 

 

Parameters Fine 

sand+ 

coarse 

sand 

Fine +coarse 

sand +stone 

chips>10mm 

Fine 

sand 

+ 

coarse 

sand 

+ coal 

Fine + 

coarse 

sand+ stone 

chips<10mm 

Fine +coarse 

+stone 

chips>10mm 

(homogeneous 

mixture) 

Ph 7.34 7.62 7.58 7.4 7.5 

Alkalinity 
(mg/l as 

CaCO3) 

210 221 232 196 242 

Suspended 

solids(mg/l) 

22.5 26.2 31.2 24.3 26.4 

Hardness 

(mg/l as 

CaCO3) 

340 310 360 382 362 

TDS (mg/l) 705 725 724 734 699 

Chloride 

(mg/l) 

83.5 87 84.6 82.4 78.2 

Sulphate 
(mg/l) 

14.2 14.8 14.4 13.6 14.1 

B.O.D 

(mg/l) 

6 2 5 3 2 

C.O.D 
(mg/l) 

42 31 28 37 13 

Total 

Coliforms  

0 0 0 0 0 
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Table 4: Flow Rate through Granular Media 

 
Composi

tion of 

bed 

Fine 

sand + 

coarse 

sand 

Fine 

+coarse 

sand 

+stone 

chips>1

0mm 

Fine 

sand + 

coarse 

sand + 

coal 

Fine + 

coarse 

sand  + 

stone 

chips<1

0mm 

Fine + 

coarse 

sand + 

stone 

chips>10

mm 

(homoge

neous 

mixture) 

Flow rate 

(cm3/c
m2/sec

) 

0.053 0.148 0.133 0.106 0.077 

 

During the study the following parameters was observed and 

graphs were plotted according to the following given numbers 

of different compositions of bed. 

 

1 Fresh water used for washing of automobiles 

2. Grey water generated from washing of automobiles 

3. Filtered water through bed of fine sand and coarse 

sand 

4. Filtered water through bed of fine sand, coarse sand 

and gravel 

5. Filtered water through bed of fine sand, coarse sand 

and 0” gravel 

6. Filtered water through bed of fine sand, coarse sand 

and coal 

7. Filtered water through bed of homogeneous mixture 

of fine sand, coarse sand and gravel 

 

 
 

Fig. 4 Variation of pH for different Experimental Conditions 

 
Fig. 4 shows the variation of pH for different experimental 

conditions. It is seen that pH was almost at acceptable limits 

for all the bed compositions.  

 

 
 

Fig. 5 Variation of alkalinity of filtered water for different bed compositions 

Fig. 5 shows the variation of alkalinity for filtered water 

through different bed compositions. The alkalinity of raw grey 

water was 305 mg/L.  There was an appreciable reduction in 

the alkalinity of the filtered water. The values of alkalinity of 

filtered water through different bed conditions were in the 

range of 210 – 242 mg/L. The values of alkalinity need not to 

be decreased further and the water may be recycled for use for 

car washings. 

 

 

 
Fig. 6 Variation of Hardness for different bed compositions 

 

Fig. 6 shows the variation of hardness for different bed 

compositions. It was observed that there was slight reduction 

in the hardness of grey water. The optimum removal of 

hardness of grey water occurred through the composition bed 

of fine sand + coarse sand + and stone chips>10mm.  

 

 

 
Fig. 7 Variation of chloride for different bed compositions 

 
Fig. 7 shows the values of chlorides in grey water and filtered 

water through different bed compositions. It was observed that 

the there was slight decrease in the concentration of chlorides 

in the filtered water. However, the values of chlorides are 

within the permissible limits and needs no further treatment.  

 

 

 
Fig. 8 Variation of sulphate for different bed compositions 
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Fig. 8 shows the valus of sulphates in the raw grey water and 

filtered water. It is seen that there was hardly any reduction in 

the values of sulphates through all bed compositions. 

 

 

 
Fig. 9 Variation of B.O.D for different bed compositions 

 

Fig. 9 shows the values of BOD for grey water and filtered 

water. It is observed that there was significant removal of 

organics through bed of filter media. The BOD of grey water 

sample was 19mg/l. After filtration through bed of fine sand, 

coarse sand, and stone chips> 10mm the value of BOD in the 

effluent was found as 2 mg/L. 

 

 
 

Fig. 10 Variation of C.O.D for different bed compositions. 

 
Like BOD the filtration process of grey water through 

different bed compositions resulted in the removal of COD 

also. The results of COD removal efficiency are summarised 

in fig. 10. The COD removal was appreciabe. 

 

 
 

Fig. 11 Variation of TDS for different bed compositions 

 

Fig. 11 shows the variation of the values of TDS in the filtered 

water.for different bed conditions. It is observed that there was 

effective removal of total dissolved solids in filtrate samples.  

IV. TOTAL COLIFORM AND FECAL COLIFORM 

The total number of coliforms present in grey water was 20 

and was completely removed through the filtration bed of each 

composition. The total number of coliforms after filtration was 

zero. It shows that the granular sand filter effectively removes 

the coliform colonies and makes the filtered water free from 

pathogens which is safe for reuse. 

V. CONCLUSION 

The present study was carried out to assess the application of 

filtration process for the treatment of wastewater from car 

washing service station. Different compositions of filter beds 

were tried. It is concluded that the filter beds used in the 

present study was effective for the reduction in the values of 

BOD, COD, coliforms, oil and grease. The optimum effluent 

flow rate was achieved through the bed of fine sand, coarse 

sand and stone chips>10mm which may be helpful to achieve 

the demand of water from car washing purpose. Moreover, 

this filter bed composition was found best for the removal of 

impurities of grey water. And hence grey water may be 

recycled for use in washing of cars. 
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Abstract—Stability of breakwaters on granular soils subjected 
to deep seated failure is studied. A dimensionless parameter 
which is obtained by the method of stress characteristics is 
assumed and it has been used to estimate the factor of stability. 
Unlike conventional approaches where the soil is assumed to obey 
an associated flow rule, in this research, a non-associated flow 
rule was assumed which is more consistent with the nature of 
marine deposits comprising fine compressible aggregates. Some 
stability charts were developed for practical use.  

Keywords— Stability Analysis, Breakwater, Granular Soil, 
Flow Rule, Stress Charactristics Method. 

 

I.  INTRODUCTION  

Stability problems are concerned with failure of loaded 
bodies. The most important feature of stability problems 
is the determination of the ultimate load that causes the 
failure. Such problems have been solved based on the 
theory of plasticity [1]. The bearing capacity problem as 
well as the slope stability problem are two classes of 
standard stability problems in soil mechanics [1,2]. For a 
deep seated failure problem, there is a combination of 
these two almost different problems into one stability 
problem. To do so, the method of stress characteristics 
has been implemented which has been almost well 
founded and developed by Sokolovskii [3]. Applications 
of this method can be found in the works of researchers 
like Cox [4], Hansen [5], Chen [4] and also Bolton and 
Lau [6] who extended the method of characteristics to 
different branches of stability problems, in particular, the 
stability of surface footings on soil.  
It has been on the other hand, almost well accepted and 
reported that most soil obey a non-associated flow rule. 
This particular type of flow rule is very important since 
this affects the energy dissipation and hence, the limit 
load on such materials. In particular, marine deposits are 

often very compressible, rendering them into a class of 
granular materials with the most tendency to show a 
non-associative plastic flow. One of the first important 
contributions on the concept of nonassociativity can be 
attributed to Zienkiewicz et al. [7], among many former 
researchers, and also Drescher and Detournay [8], for 
problems dealing with soil mechanics. Michalowski [4] 
with using the limit analysis method did a research on 
the influence of soil weight on the bearing capacity of 
foundations for both associated and non-associated 
materials. Jian-Hua Yin, Yu-Jie Wang and Selvadurai 
[9] with a numerical solution examined the influence of 
nonassociativity on the bearing capacity of a strip 
footing. Calculation of limit loads for nonassociative 
materials was done by Michalowski [10] for applications 
in limit analysis. For stability problems in slopes, the 
method of slices was proposed by Peterson in 1916 and 
it was developed in considerable detail by Fellenius in 
1927 and Bishop (1950) discussed on and extended this 
method. Fellenius (1927), using the method of slices, 
obtained the relationship among the factors of safety 
with respect to both shear strength soil parameters,the 
slope angle, the hight of slope and the unit weight of the 
soil. In addition to his studies of circular surfaces 
passing through the toe of the slopes, called toe failures , 
he also investigated the possibility of the circle passing 
through the soil below the toe, called the base (deep 
seated ) failure. A base failure in addition to the 
variables considered for toe failures, depends on the 
depth factor (n) as shown in Figure 1. Proceeding with 
his analytical solution for base failure with φ=0, 
Fellenius found that the maximum stability number for a 
base failure  when occures that the depth factor is 
infinitely great Different modes of failure are shown in 
Figure 1 [2]. 
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Fig. 1. Schematics of Different Types of Failure in Embankments 

 
 
There are several researches about the stability of 
embankments on soft ground. Taylor [11]  used friction 
circle method to compute stability chart. For presenting 
the results in a dimensioless manner, he introduced a 
stability number.   Jakobson [12] and Odenstad [13] 
have done researches about stability of embankments on 
cohesive soils.  Gibson and Morgenstern [14] presented 
a solution for the stability of slopes in cohesive soils 
with assuming a linear variation in shear strength with 
depth, the strength at the surface is assumed to be zero. 
Nakase [15], Odenstad [16] and  Hunter and Schuster 
[17] have done researches about stability of 
embankments on cohesive soils. Nakase [18] studied  the 
stability analysis of low embankment with considering 
arbitrary surcharge construced on cohesive soils that 
shear strength increases linearly with depth. Bak-kong 
Low [19] has worked about the stability of embankments 
on soft soils with considering cohesion and internal 
friction angle for soils. They developed a simple 
procedure to compute by hand factor of safety for 
embankments constructed on soft clay andassumed the 
potential slip surface to be circular. In this research, the 
factor of stability of breakwaters on granular soils has 
been computed. A procedure is proposed where the 
lowest factor of stability is computed by considering a 
real slip surface under the foundation of a breakwater. 
Slip surface is obtained by the method of stress 
characteristics, so it is a real surface for failure 
mechanism.   

II. METHOD OF STRESS CHARACTERISTIC  

The method of stress characteristics is a very useful 
method for solving plasticity problems in soils which 
was proposed by Sokolovskii [3]. The bearing capacity 
of foundations can be analyzed by this method where the 

equilibrium and yield equations are satisfied 
simultaneously. Sokolovskii found that the directions of 
stress characteristics coincided with those corresponding 
to the shear planes, along which, slip would occur. There 
are four unknowns, x, z,σ,θ involved in the equations of 
the slip lines that will be found by simultaneously 
solving the system of partial differential equations. The 
stress characteristics equations can be written as below. 
They are based on Sokolovskii’s [3] equations and 
Anvar and Ghahramani [20] representations:  
Along the positive direction ( ):  
 

                                                                                   2          (1) 

 
Along the negative direction ( ):  

                                                                                   2          (2) 

 

where:

 , 

σ is the mean effective stress, θ is the angle defining the 
direction of the major principal stress direction with 
horizontal direction, c and φ are soil shear strength 
parameters, X and Z are components of the horizontal 
and vertical body forces correspondingly, x and z are 
coordinates of each point respectively. Some parameters 
of above equations are shown in Figure 2:  
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
Fig. 2. The state of stress on  the soil body along the directions of the stress 
characteristics 

 
 
Stress characteristic method is a boundary value 
problem. For solving boundary value problems, one may 

 

z

x
 

1 

3
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need values for variables defined along boundaries. The 
boundary conditions corresponding to the problem under 
study are shown in Figure 3.Different variables, x, z, σ 
and θ are significant values along the ground level 
boundary . q is a slight surcharge pressure. 
 

 
Fig. 3. Stress charactristics and different zones formed beneath the 
breakwater  

 

III. NON ASSOCIATIVE FLOW RULE 

The method of stress characteristic is based on the 
associative flow rule but in fact most of soils obey  a 
nonassociative flow rule. It should be reminded that in 
nonassociative materials plastic potential surface and 
yield surface are not identical [9] The size of the plastic 
region in nonassociative materials are less than the one 
for associative materials and hence, it is expected that 
the limit load to be decreased in non-associative 
materials.  
Davis in 1968[21] and Rowe in 1969 [22] suggested 
almost identical equations which can be used for non-
associative materials. In fact their equation can be used 
to replace non-associative materials with equivalent 
associative ones. Drescher and Detournay in 1993[8] 
represented this equation and performed a research on 
the stability of non-associative materials and interpreted 
the limit load. With these equations, one can obtain the 
values of the bearing capacity of foundations or the limit 
height of a breakwater for both associative and 
nonassociative materials. These equations are as follows: 
 
 
 tan   

 
                                             (3) 

 cos cos 1 sin sin 
                                                  (4) 

 
In above equations, ψ is the angle of dilation,  is the 
internal friction angle,  is the cohesion intercept,  is 
the equivalent cohesion. and   is the equivalent internal 
friction angle. 

 

IV. RESULTS OF THE PRESENT STUDY 

In this study, stability factor of breakwaters for rough 
soil-breakwater interface for both associative and non-
associative marine deposits has been developed. The 
marine deposits are assumed to mainly consist of fine 
granular materials with either associative or non-
associative flow rule. The method of stress 
characteristics has been applied and the governing 
equations have been solved numerically by the standard 
finite difference technique. This solution technique can 
be found in the literature (see for example Bolton and 
Lau [6]). In this regard, the procedure for computing the 
stability factor has been divided in two successive steps: 
In the first step, it is considered a dimensionless 
parameter N (corresponding to each internal friction 
angle) that is computed by the method of stress 
characteristics . This dimensionless parameter is 
computed by finite difference method which is a 
standard method in solving the stress characteristics 
equations. In the next step, the stability factor 
corresponding to each internal friction angle is obtained  
by making use of the dimensionless parameter N. 
Required equations in computing the stability factor 
based on this dimensionless parameters are given below:     
 0.5                                   (5) 

 
 

                                          (6) 

 
In above equations, qult is the ultimate pressure 
developed beneath the breakwater, γBr is the specific 
weight of breakwater and h is the height of the 
breakwater. For computing the minimum value of the 
factor of stability, the height of the breakwater above the 
failure surface was assumed to possess the maximum 
value and hence, the portion of the breakwater 
responsible for the deep seated failure, would be of a 
triangular shape. Thus, the factor of stability for some 
breadth of the breakwater, B, will be: 
 . .                                (7) 

 
Stability factors computed for a range of different 
marine deposits friction angles and different dilation 
angles are presented in Tables I and II. Correspondingly, 
in Figures 2 and 3 they are shown graphically for 
comparison purpose.  In deposits of low friction angle, 
this effect is insignificant. However, it can be seen that 
the effect of non-associativity becomes more 

α 
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pronounced when the friction angle increases and also 
when the dilation angle decreases.  
 

TABLE I.    STABILITY FACTOR  (ONE ASSUMPTION)  

ф 
Stability Factor for α=60˚ 

ψ=ф ψ=0.5ф ψ=0 

5 0.4945 0.4945 0.4945 

10 0.6325 0.6305 0.6246 

15 1.1185 1.0989 1.0456 

20 1.8983 1.8180 1.6210 

25 3.3777 3.3506 2.6350 

30 6.7113 5.9002 4.3716 

 
 

 
Fig. 4. Stability Factor for α=60˚  

                                                                      

 

TABLE II.    STABILITY FACTOR  (SECOND ASSUMPTION) 

ф 

Stability Factor for α=45˚ 

ψ=ф ψ=0.5ф ψ=0 

5 0.8565 0.8565 
0.8562 

 

10 1.0956 1.0921 1.0819 

15 1.9374 1.9034 1.8110 

20 3.2879 3.1489 2.8076 

25 5.8503 5.8034 4.5639 

30 11.6242 10.2195 7.5719 

 
 

 

 
Fig. 5. Stability Factor for α=45˚  

 
 

V. CONCLUSIONS 

In this study, the effect of flow rule on the stability of 
breakwaters constructed over fine granular marine 
deposits against deep seated failure has been 
investigated. The problem was formulated as a standards 
stability problem in soil mechanics and the method of 
stress characteristics was implemented to solve the 
problem. The stability of breakwaters subjected to deep 
seated failure has been expressed in terms of some 
stability factor which is defined as a ratio of ultimate 
pressure to the weight (or equivalently, pressure) of the 
breakwater. After performing a number of different 
analyses, some design charts were developed. The effect 
of non-associativity was accounted based on the 
contribution of Davis (1968) and Rowe (1969) which 
was later represented by Drescher and Detournay (1993) 
for limit analysis in soil mechanics. Although the role of 
flow rule is not significant for very fine marine deposits 
with low friction angles, it was revealed that this effect 
is very important, at last for those deposits with higher 
angle of friction. Thus, application of conventional 
methods for stability analysis and design of breakwaters 
on fine granular marine deposits may lead to an unsafe 
estimate of the stability as they are often based on an 
associated flow rule assumption, and hence, an 
inadequate design. In contrast, results considering a non-
associated flow rule may be more reliable. 
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Abstract: 
 

This study evaluates the bearing capacity and settlement of collapsed Margalla Tower due to 

2005 Muzzafarabad Earthquake. The geotechnical investigation was conducted at the site to 

evaluate bearing capacity and settlement analysis by field as well as lab tests. The soil sampling 

(disturbed and undisturbed samples) was done by 21 m borehole at the site. The grain size 

distribution and the electric resistivity test results showed that the soil beneath the tower was 

mainly clayey and silty soil. The shear wave velocity based on SPT results showed a range of 

175 to 350m/s. The bearing capacity calculated by using lab as well as field test results showed a 

value of 2.64 and 4.06 tsf at the raft foundation level. Similarly the settlement evaluation from 

lab as well as field test showed 3.80 and 50 mm respectively and was in the permissible limits. 

The geotechnical investigation reveals that the Margalla Tower was safe against bearing capacity 

and settlement.   

Keywords: Geotechnical Investigation; Margalla Tower; bearing capacity; settlement 

Introduction 

In 1992, Capital Development Authority Pakistan planned three sites for multistory buildings in 

Sector F-10/3 Islamabad. Among them Margalla Tower was one of the 10 stories buildings with 

60 luxurious residential apartments. The Muzafarabad Earthquake 7.6 destroyed forth block and 

a portion of fifth block of Margalla Tower Islamabad. There were 250 casualties including 

foreign nationals. The collapsed tower is shown in Figure. 1. 

Preliminary studies by CDA and Engineer in Chief (ENC) Branch Rawalpindi [1 2] reveal that 

geotechnical investigation of this tower had flaws in it i.e., there was no consolidation test was 

performed although there was clay below ground level and water table was high. The unconfined 
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strength of samples from shallow and higher depth was reported same which is contradictory. 

Whereas, strength of clay should improve with depth, The foundation is at 1.5 m while the weak 

upper strata containing debris, roots and organic matter extends up to 2, 2.5 and 3.5 meter in 

three bore holes, Bearing capacity is 0.8 kg/sq cm. 

 

Figure 1. The Collapsed Margalla Tower Islamabad Pakistan 

 

Foundation is to be placed between 2 to 3 m. The raft should be designed against bearing 

capacity of 1.3 kg/sq cm (vetting report of Margalla Tower by CES Pvt. Ltd.) [2]. Letters from 

residents to CDA and C.C.C. Associates, reveal complaints of substandard material usage by 

consolidated Engineering Services. 

Therefore the Geotechnical investigation of collapsed Margalla Tower in F-10 Sector Islamabad 

(33°42'1"N   73°0'33"E) [9] was planned to investigate bearing capacity and settlement 

evaluation.  

Geotechnical Investigation 

The detailed investigation involved field and lab testing of the Margalla Tower. The field tests 

evolves standard Penetration test (SPT) and Electric Resistivity test (ERT). The layout of SPT 

and ERT is shown in figure 2 given below. Whereas, the lab tests [5 6] were conducted both on 
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disturbed and undisturbed samples collected from borehole at different depth. These samples 

were then used for moisture content [10], Atterberg limits[11], soil classification [12 13], 

unconfined compression test direct shear test [15] and consolidation tests [14]. 

 

Figure 2 The Layout of Electric Resistivity test at Margalla Tower 

 

Results and Discussions 

In the field work the standard penetration (N) values were calculated from SPT at different depth 

up to 20.5 m single borehole. These N values were then corrected for N60 as shown in Fig. 3. 

From the figure it is clear that the N60 values are low up to 12.5 meters but after that there is 

increase in value tremendously up to 25 m. This shows that the upper strata is weak and lower is 

strong.   
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Figure: 3 Variation of N60 with depth 

The allowable bearing capacity based on SPT result was the calculated by using Mayerhof (N55 

& N70) and Das method at different depth of borehole [3 4 5]. These results are shown in figure 

4a below.  

 
(a)                                                                                          (b) 

 

Figure. 4 Allowable Bearing Capacity based on (a) field test and (b) lab tests 

 

The qall from field tests 3.16 to 10 tsf and from lab test varies from 1.58 to 5.5 tsf. Whereas, the 

recommended bearing capacity is 2.5 tsf. Similarly, by lab testing the variation of cohesion and 

friction angle along with the depth is shown in Fig. 5.  The values also show the above 10 meter 

soil has low angle of internal friction as well as cohesion which predicts that an upper stratum is 

week which is also predicted from the bearing capacity result of field tests. 
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Figure 5: Variation of (a) cohesion and, (b) friction angle with depth 

 

This allowable bearing capacity was also calculated based on Das and Punmia method [6 7]. 

using lab tests is plotted in figure 4b. From the figure 4 it is clearly shown that the allowable 

bearing capacity is low up to 10 m then it increases up to 25 m. The allowable bearing capacity is 

high from field tests as compare to lab tests.  

The Electric Resistivity tests (ERT) were conducted along and parallel to Block 4 of Margalla 

Tower as shown in figure 3 above. The ERT result parallel to the collapsed tower 4 is shown in 

figure 6 below. It is clear from the figure that approximately 60 % stratum below the tower is 

soft material. Zones of high saturations were also marked. Trapped water (highly saturated zone) 

parallel to the underground water tank was found. This might be due to seepage from the 

underground water tank. 
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Figure: 6 Electric Resistivity Test (ERT) result of Margalla Tower 

Soil Classification 

The soil classification according to Unified Soil Classification System (USCS) [12] and 

American Association of Highway and Transportation Officials (AASTO) [13] based on lab tests 

at different depth is given in Table.1 [10 11]. From the AASTO and USCS soil classification 

system is it is clear that the soil is silty and clayey below ground level. 

Table. 1 Soil Classification by Uniform Soil Classification System (USCS) 

Depth 

(m) 

Plasticity 

Index 

Liquid 

Limit 
USCS Soil type AASHTO Soil type 

1.5 5 16 CL-ML Silty Soil A-2-4 Silty or Clayey Soil 

3.5 6 20 CL - ML Silty Soil A-2-4 Silty or Clayey Soil 

8.5 12 23 CL Clayey Soil A-2-6 Silty or Clayey Soil 

10.5 6 19 CL-ML Silty Soils A-2-4 Silty or Clayey Soil 

14 8 28 CL Clayey Soil A-2-4 Silty or Clayey Soil 

20.5 15 29 CL Clayey Soil A-2-6 Silty or Clayey Soil 

 

The settlements were calculated at three clay samples at respective depths using odometer 

apparatus.  The lab results were then used to plot graph between void ratio (e) and effective 

pressure to evaluate past maximum pressure (  ) as shown in Fig. 7. 
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Figure 7: Void Ratio versus Effective Stress (at 8.5 m) 

For under consolidated clay i.e.,    
        

   the equation 1 is used by [5]. Das 2007. 

s c c ο
c

ο ο ο c

C H σ C H σ +Δσ
S =  Log +  Log

1+e σ 1+e σ

  

 
       (1) 

  Similarly, for over consolidated clay i.e.,   
        

    the equation 2 is used by Das 2007. 

s ο
c

ο ο

C H σ +Δσ
S = Log

1+e σ

 


                                         (2)  

The Table 2 shows the results of settlement of clay at three depths. The clay at 8.5 and 14 meters 

are under consolidated clays whereas the clay at 20.5 m is over consolidated clay. These 

settlements were in the permissible limits (Das, 2007). It shows that the structure against 

settlement. 

Table 2: Settlement of Clay Samples (Das, 2007). 

Depth 

(m) 
eₒ Cc Cs 

σc 

(kPa)
 

σ′˳ 

(kPa)
 

Δσ′ 

(kPa) 
OCR 

Settlement 

(m) 

8.5 0.91 0.117 0.0117 180 128 60 0.95 0.0038 
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14 0.87 0.162 0.0162 190 280 38 0.59 0.061 

20.5 0.64 0.171 0.0171 485 350 31 1.2 0.00076 

 

Schmertmann in 1970 proposed method based on SPT data to compute elastic settlement 

[1].. To compute the settlement the soil below ground level was divided into five layers as shown 

in figure. Each layer had a constant value of strain ( ε ) and soil modulus (Es) by using 

relationship 
sE = 300 (N+6)   (Bowles, table 5.5) [3]. Settlement was calculated by summing the 

influence of all layers.  

z
1 2

s

I Δz
ΔH = C C Δq   

E
  

The following table 3 shows the calculation of the z

s

I Δz
 

E
 at different depth. 

Table 3: Data for calculation of elastic settlement 

Layer 

Elevation 

top  

(m) 

Elevation 

bottom 

(m) 

Δz 

 (m) 
zpI  N60 

Es  

(kPa) 

zp

s

I Δz

E
 

1 0 3.5 3.5 0.503 27 9863 0.00019 

2 3.5 8.5 5 0.503 35 12300 0.00012 

3 8.5 10.5 2 0.503 21 8100 0.00025 

4 10.5 14 3.5 0.503 30 10800 0.00021 

5 14 20.5 6.5 0.503 42 14400 0.00016 

                              z

s

I Δz

E
 = 0.00093 

z
1 2

s

I Δz
ΔH = C C Δq 

E


 

ΔH = 0.41 1.44 25 0.00093  

 
ΔH = 0.01373

 
ΔH = 13.73 mm  

Similarly the settlement against 50, 75, 100, and 125 kPa was calculated and shown in table 4.  

Table  4: Net bearing capacity and settlement.
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Δq (kPa) 25 50 75 100 125 

ΔH (mm) 14 39 70 106 143 
 

The graph between net bearing capacity and settlement is shown in figure 8. The foundation of 

the Margalla Tower was kept at 1.5 m below ground level. The bearing pressure on the 

foundation was 84.58 KPa. Whereas the net bearing pressure under the footing was 56.8 KPa 

(unit weight of soil is 19.81 KN/m3). The net bearing pressure (60 KPa) against 50 mm 

settlement was more than the applied net bearing pressure, i.e., 56.8 KPa under the foundation. 

Hence the Margalla tower was safe against settlement. 

 
Figure 8: Variation of Settlement with increase in Net Bearing Stress. 

Shear velocity was calculated from observed N values based on the relationships of JRA 1980, 

Lee, 1990 and Imai et al., 1975.  The variation of shear wave velocity and shear modulus is given 

in Fig. 9. The Shear wave velocity calculated by three relations has average value of 337, 350 

and 315 m/sec. These values fall in range of 175 to 350 m/sec. According to building code of 

Pakistan the soil type is SD which represents a Stiff Soil Profile [8]. From these shear wave 

velocities the shear modulus was then calculated for known densities. The average values by 

JRA, Lee and Imai et al are 2348, 2629 and 2049 MPa respectively as shown in figure 9 below. 
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Figure 9: Variation of Shear Velocity and Shear Modulus with depth. 

Conclusion  

The initial geotechnical investigation reveals that there were alternate layers of clay and silty 

clay with some gravel. It was confirmed by AASHTO and USCS SOIL Soil classification 

system. The soil classification was also confirmed with ER results. 

The upper strata up to 10 m is weak that is why raft foundation was suggested. 

The average bearing capacity is from the field test is 575. 94 KN/m
2 

and from the lab tests is 

386.10 KN/m
2
.  

The ERT result shows the seepage from the under ground water tank which would have cause 

reduction in effective stress of the soil. As a result failure would occur. 

The Schmertmann elastic strain method and consolidation test results showed 43 mm and 15.5 

mm respectively. This is in permissible limits for raft foundation. The Margalla Tower was thus 

safe with respect to settlement analysis. 

The Shear wave velocity calculated by three relations has average value of 337, 350 and 315 

m/sec. These values fall in range of 175 to 350 m/sec. According to building code of Pakistan the 

soil type is SD which represents a Stiff Soil Profile [8]. 

In short the geotechnical investigation reveals that Margalla Tower was safe against bearing 

capacity and settlement. The soil stratum below Margalla Tower is firm and stiff non 

problematic soil. The failure was due to structural flaw. 
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Abstract—This paper presents an investigation into the 

performance of L shaped steel plate end anchors for 

preventing plate end debonding in flexurally strengthened RC 

beams. Plate end debonding is a common failure mode for RC 

beams flexurally strengthened with external plates or 

laminates, and prevents the full structural capacity of 

strengthened structures from being realized. Most end 

anchorage systems delay but do not prevent plate end 

debonding. However, L and U shaped end anchors may 

effectively prevent premature debonding failure. In this study, 

ten RC beams (two control beams, four beams strengthened 

with steel plate and four beams strengthened with CFRP 

laminate) of 2300mm length, 125mm width and 250mm depth 

were tested under four point bending. Three of the steel 

strengthened beams and three of the CFRP strengthened 

beams were end anchored with epoxy bonded L shaped steel 

plate anchors of varying widths. The investigation found that 

all strengthened beams had higher failure and cracking loads, 

smaller crack widths and more cracks, less concrete and bar 

strains, and smaller deflections than control beams. End 

anchorage significantly increased ultimate strength and 

effectively prevented premature plate end debonding with 

anchored beams failing in flexure.  

Keywords—premature failure; plate end debonding; L 

shaped end anchors 

I. INTRODUCTION 

The strengthening of reinforced concrete (RC) structures 
is an important area of research as many existing structures 
will require rehabilitation at some point in their life span to 
meet current standards and service conditions. Strengthening 
provides a more economical choice than replacing and 
reconstructing structures to meet current conditions. A 
number of different methods and materials have been 
developed to strengthen structures. One of the most popular 
methods is the use of externally bonded plates which are 
applied to the surface of structural elements which require 
strengthening. Steel plates and carbon fibre reinforced 
polymer (CFRP) laminates are the most commonly used 
strengthening materials. Structural adhesives are used to 
apply plates and laminates to concrete elements for 
strengthening.  

However, although the plate bonding method offers an 
effective strengthening method that can greatly increase the 
ultimate capacity of a beam, it also suffers from some 
disadvantages. The main disadvantage of externally bonded 
reinforcement is that it often suffers from premature failure, 
usually plate end debonding failure [1, 2]. Beams flexurally 
strengthened with steel plate are more likely to suffer from 
plate end debonding than beams strengthened with CFRP 
laminates due to the greater stiffness of steel [3]. Plate end 
debonding is an extremely serious problem as it can cause 
sudden and catastrophic failure of a strengthened structure 
before ultimate capacity is reached. Plate end debonding 
occurs due to the high concentration of interfacial shear 
stress at the ends of the bonded plate [4]. Failure usually 
occurs with the formation of a shear crack at the plate end 
which rapidly extends towards the load point into a 
horizontal crack between the plate and the internal 
reinforcement, eventually leading to separation of the plate 
from the concrete element [5].  

Researchers have investigated a number of methods to 
reduce and eliminate plate end debonding in strengthened 
beams. End anchorage is one method that has received 
considerable attention. Some researchers have reported that 
end anchors have a significant effect on plate end debonding 
[6, 7]. End anchors can take various forms, such as anchor 
bolts, bonded angle sections, end plates, and extending the 
strengthening plate under the beam supports. However, most 
of these anchoring systems were found to be able only to 
delay, not prevent, plate end debonding. Most tested 
specimens still failed by plate end debonding failure [6, 8, 9, 
10]. These anchoring systems failed to prevent plate end 
debonding mainly because they failed to minimize the shear 
stress concentrations at the plate ends. Further research led to 
the development of L and U shaped plate anchors, and U 
wrap, which were found to significantly reduce premature 
plate end debonding failure [4, 11]. 

In this study, an experimental investigation was carried 
out to eliminate plate end debonding using L shaped steel 
plate anchors placed at the ends of flexural strengthening 
plates on RC beams. The expected outcome of this 
investigation was that the beams would be able to carry the 
maximum designed load before failure and that the beams 
would fail by either plate/laminate rupture or by concrete 
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Fig. 1. Beam details 

 
 

Fig. 2. Strengthening and L shaped anchorage details 

compression. The beams were strengthened using steel plates 
or CFRP laminates. In this program a total of ten RC beams 
were tested. Two beams were used as unstrengthened control 
specimens and the rest were flexurally strengthened using 
steel plates (4 beams) and CFRP laminates (4 beams). Of the 
steel plate strengthened beams, 1 beam did not have end 
anchorage and 3 beams had L shaped end anchors. Of the 4 
CFRP laminate strengthened beams, 1 beam did not have 
end anchorage and 3 beams had L shaped end anchors. The 
anchors were of varying widths. The specimen details are 
presented in Table 1. 

II. METHODOLOGY 

A. Specimen Fabrication 

The beams fabricated in this program were 2300mm 
long, 125mm wide and 250mm deep as shown in Fig. 1. Two 
12mm diameter steel bars were used as tension 
reinforcement. Two 10mm steel bars were used as hanger 
bars and 6mm bars spaced 75mm apart centre to centre were 
used as shear reinforcement as shown in Fig. 1. The designed 
compressive strength of the concrete was 30MPa. 

B. Strengthening and Anchoring 

The length of all strengthening steel plates and CFRP 
laminates was maintained at 1900mm, which was nearly the 
full span of the beams, as shown in Fig. 2. Near full span 
strengthening was done to maximize the effects of 
strengthening. The width of the steel plates was 73mm and 
the thickness was 2.76mm. The CFRP laminates had a width 
of 80mm and a thickness of 1.2mm.  

Before the application of the strengthening materials, the 
concrete surface of the soffit of the beam was prepared by 
grinding with a diamond cutter to expose the coarse 
aggregate and then cleared of dust using compressed air. The 

surfaces of the strengthening materials were also prepared. 
The steel plates were sand blasted to remove rust and the 
CFRP laminates were cleaned using a solvent based cleaner 
(Colma Cleaner) to remove carbon dust and grease. An 
epoxy adhesive was used to bond the CFRP laminates and 
steel plates to the prepared concrete surfaces of the beams. 

The L shaped end anchors were made of steel plate with 
a thickness of 2mm. The preparation and application of the 
anchors to the beams were done in a manner similar to the 
strengthening steel plates. The anchors were sand blasted and 
the concrete bonding surfaces were grinded and cleaned to 
expose the coarse aggregate. Then epoxy adhesive was 
applied to the prepared bonding surfaces of the beam and the 
inner face of the anchors, and the anchor were then fixed to 
the beam by pressing with a rubber roller. The anchors were 
then clamped for 3 days to allow the bond to set. 

C. Instrumentation and Test Procedure 

To measure strain in the internal steel bars, the 
strengthening plate and the concrete during testing, 30mm 
electrical resistance strain gauges were used. Two strain 
gauges were placed on the strengthening plate or laminate at 
the midspan of the beam to record tensile strain in the plate 
or laminate. Another gauge was placed on the top surface of 
the beam at midspan to measure the concrete compressive 
strain. Two strain gauges were also attached to the middle of 
the internal reinforcing bars to measure tensile strain. To 
measure horizontal strains in the concrete, demec gauges 
were attached along the height of the beam at midspan. To 
measure the vertical deflection of the beam, three linear 
variable displacement transformers (LVDTs) were used at 
midspan and under the two load points. Fig. 3 shows the 
placement of the strain gauges and the LVDTs. 
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Fig. 3. LVDT and strain gauge placement 

All beam specimens were tested under four-point 
loading. The loading was applied gradually in a controlled 
manner by the Instron testing machine up to failure of the 
beams. The beams were loaded to failure point. Failure of 
the beams was identified with concrete crushing, tensile 
rupture of the strengthening plate or laminate, shear rupture 
of the plate or laminate at the epoxy adhesive level, concrete 
rip-off at the level of the bottom reinforcement, or shear 
failure of the strengthened beam. 

III. RESULTS OF THE EXPERIMENTAL INVESTIGATION 

The experimental investigation found that all 
strengthened beams had higher failure and cracking loads, 
smaller crack widths and more cracks, less concrete strains, 
less bar strains and smaller deflections than the control 
beams. Table 1 presents the test results for all beam 
specimens. 

The study also found that the strengthened beams with L 
shaped steel plate end anchors failed in a ductile manner 
rather than in premature plate end debonding failure. 

TABLE 1. SPECIMEN DETAILS AND TEST RESULTS 

Beam ID 

Width of L 

Shaped 

End 

Anchors  
(mm ) 

Strengthening 

Materials 1st Crack 

Load       

(kN) 

Failure 

Load   

(kN) 

Midspan 

Deflection 

at 70 kN       

(mm) 

Crack 

Width at 

70 kN 

(mm) 

Failure Modea 
Thickness 

(mm) 

Width 

(mm) 

Control Beam 
CB1 - - - 14 80.6 9.52 0.9 FL 

CB2 - - - 12 83 7.58 0.5 FL 

Strengthened 

Beams with 

Steel Plate 

SF0 - 2.76 73 35 104.3 3.46 0.14 PED 

SF85 85 2.76 73 30 140 4.1 0.12 FL 

SF100 100 2.76 73 30 137 3.68 0.12 FL 

SF200 200 2.76 73 35 130.9 2.56 0.22 FL 

Strengthened 
Beams with 

CFRP 

CF0 - 1.2 80 27 123.9 4.25 0.16 CS 

CF75 75 1.2 80 21 155 5.14 0.16 FL + ICD 

CF100 100 1.2 80 25 148 5.18 0.18 SH 

CF200 200 1.2 80 27 145.8 4.72 0.28 SH 

a. FL = Flexural failure, PED = Plate end debonding, CS = Concrete cover separation, ICD = Intermediate crack debonding, SH = Shear failure 
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Fig. 4. Failure mode for control beam CB1 

 

Fig. 5. Failure mode for control beam CB2 

 

Fig. 6. Failure mode for strengthened beam without end anchorage S-F-0 

 
Fig. 7. Failure mode for strengthened beam with end anchorage S-F-85  

 

Fig. 8. Failure mode for strengthened beam without end anchorage C-F-0  

 

Fig. 9. Failure mode for strengthened beam with end anchorage C-F-75  

 

 

Strengthened beams without end anchorage exhibit plate end 
debonding shear-type brittle failure with many diagonal 
cracks. Strengthened beams with end anchors exhibit 
conventional flexural failure with ductile failure mode and 
with no noticeable plate end debonding. Fig. 4 to Fig. 9 show 
the failure modes of unstrengthened, strengthened, and end 
anchored beams.  

The ultimate load of steel plate strengthened beams 
without end anchors and with L shaped end anchors were 

found to be about 30% and 65% higher respectively than the 
control beams. The failure loads of the end anchored 
strengthened beams were approximately 30% higher than the 
failure load of the strengthened beam without end anchors. 

The ultimate load of CFRP laminate strengthened beams 
without end anchors and with L shaped end anchors were 
found to be about 50% and 80% higher respectively than the 
control beams. The failure loads of L shaped end anchored 
CFRP laminate strengthened beams were approximately 
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Fig. 10. Load-deflection diagram for end anchored steel plate 

strengthened beams 

 
Fig. 11. Load-deflection diagram for end anchored CFRP laminate 

strengthened beams 

20% higher than the failure load of the CFRP laminate 
strengthened beam without end anchors. 

As the strengthened beams had greater stiffness than the 
control beams, the strengthened beams had less tensile 
reinforcement strain and concrete compressive strain 
compared to the control beams. However, strengthened 
beams with end anchors showed a higher reinforcement 
strain, concrete compressive strain and plate strain compared 
to the strengthened beams without end anchors. This is 
because the end anchored beams did not fail by plate 
separation and failed at a much higher load compared to the 
beams without end anchorage. 

Less deflection was seen in all strengthened beams 
compared to the control beams. This was due to the greater 
stiffness of the strengthened beams. However, the beams 
with L shaped end anchors had significantly larger 
deflections at failure than the beams without end anchorage 
due to the higher failure load. The load deflection diagrams 
for the end anchored beams are presented in Fig. 10 and Fig. 
11. 

Higher cracking loads and better cracking patterns were 
seen in all strengthened beams compared to the control 
beams. The cracking loads of steel plate strengthened beams 
both without end anchors and with L shaped end anchors 
were found to be around 150% higher than the control 
beams. The cracking loads of CFRP strengthened beams 
both without end anchors and with L shaped end anchors 
were found to be around 90% higher than the control beams. 
Cracking loads and crack widths depend on the modulus of 
rupture of the concrete and the stiffness of the strengthening 
material. Thus, the cracking loads and crack widths of the 
strengthened beams with end anchors were found to be 
similar to that of the strengthened beams without end 
anchorage. 

IV. CONCLUSION 

This study investigated the use of L shaped steel plate 
end anchors to overcome plate end debonding failure. The 
following conclusions can be drawn from the results of this 
study. 

- The proposed use of L shaped steel plate end 
anchors effectively prevented premature plate end 
debonding failure, greatly increased the ultimate 
capacity of the strengthened beams and ensured 
flexural failure.  

- All strengthened beams had higher failure and 
cracking loads, smaller crack widths and more 
cracks, less concrete and bar strains and smaller 
deflections.  

- This strengthening method can enhance the 
performance of EBR strengthened structural 
elements and contribute to the successful 
rehabilitation of RC structures. 
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Abstract — PAN homo-polymer, acrylonitrile (AN) - acrylic 

acid (AA) co-polymers and AN-AA-itaconic acid (IA) 

terpolymers have been synthesized by redox polymerisation 

using sodium bisulphite (SBS) and potassium persulphate 

(KSP) as intiators at 40
o
C for 3 hours. AN-co-AA and AN-

AA-IA terpolymers exhibited lower Ti (initiation temperature 

of cyclisation/dehydrogenation) as compared to PAN homo-

polymer. At 900
o
C, TGA thermogram of ter-polymers 

(80/19/1) showed a greater char yield compared to that of the 

AN-co-AA (80/20). It was shown that the inclusion of IA is 

capable to improve the thermal stability of PAN. Rheological 

behavior of commercial PAN homo-polymer and AN-AA-IA 

terpolymers shows that the viscosity decreases exponentially 

with increasing temperature. However, AN-AA-IA 

terpolymers showed a reduced viscosity by 83% at 20
o
C 

compared to commercial PAN homo-polymer. 

 

Keywords— Carbon fiber, Acrylic acid, Itaconic acid, 

terpolymer 

I. INTRODUCTION  

Polyacrylonitrile (PAN) is a resinous, fibrous, or rubbery 

organic polymer. Almost all polyacrylonitrile resins are co-

polymers made from various monomers; with acrylonitrile as 

the main component [1]. Thermal behavior of acrylonitrile 

homo- and copolymers has always been the subject of great 

interest. Polyacrylonitrile and its co-polymers are used as 

precursors for the production of high-strength carbon fibers. 

The demand for high-quality carbon fibers in composite 

materials has intensified the interest in thermal 

characterisation of acrylic polymers particularly under 

programmed conditions. The oligomerisation of nitrile groups, 

an important step in the manufacturing of carbon fibers from 

polyacrylonitrile, is dependent on the method of 

polymerisation, nature of co-monomers, additives, as well as 

pre-heat treatment [2].  

Carbon fiber is most notably used as a reinforcing agent 

in composite materials, particularly the class of materials 

known as graphite reinforced plastic. These materials are used 

in high-performance vehicles, sports equipment, and other 

demanding mechanical applications [3]. Since PAN homo-

polymer results in poor quality carbon fibers, it is usually 

modified by incorporation of suitable acidic co-monomer such 

as acrylic acid (AA) during polymerisation, which has been 

studied in some previous works [4,5]. Certain co-monomer 

can enhance the segmental mobility of the polymer chains and 

reduce the initiation temperature of cyclisation. Acid co-

monomers also help in perfecting the cyclized ladder-like 

structure of the precursor fibers, leading to carbon fibers with 

improved mechanical properties [4]. 

  The major co-monomer currently used in the 

production of PAN co-polymers is acrylic acid (AA). Acrylic 

acid (AA) was used to reduce the glass transition temperature, 

Tg [6] and the initial temperature of cyclisation. Bajaj et al. [7] 

reported that co-polymerisation of AN with acrylic acid 

enhanced the conversion better than methyl methacrylate and 

itaconic acid (IA). Although AA and IA have been used as co-

monomers, the function of each acid is different. AA primarily 

acts to increase the free volume of the PAN system and reduce 

the dipole-dipole interaction of AN groups, which is indirectly 

observed by the Tg dipression. IA, on the other hand initiates 

the cyclisation of the nitrile group at a lower temperature by 

ionic mechanism and facilitates the stabilisation process [8,9]. 

This could be attributed to some potential interaction between 

the carboxylic groups in IA and nitrile groups in AN, which 

could reduce the chain mobility, leading to a higher Tg of PAN 

terpolymer as the amount of IA increases. The main reason for 

the superiority of IA over other acid monomers is the presence 

of two carboxylic groups, which increases the possibility of 

interaction of carboxylic group and nitrile group during 

cyclisation reaction [5,10]. Rangarajan et al. [3] have reported 

that the use of IA in small concentration (<5 mol%) could 

assist in the cyclisation and crosslinking reactions under 

stabilisation condition while still maintaining the melt 

processability of the PAN at low temperature.  

This study investigated thermal and rheological 

properties of terpolymer, namely AN-AA-IA terpolymer in 

comparison to PAN homo-polymer and AN-AA co-polymer. 
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All polymers were synthesized via redox polymerization. The 

redox method is a solvent free, water based process which 

utilizes mild reaction conditions and yet afforded high 

conversion [7]. 

II. EXPERIMENTAL 

A. Materials 

Acrylonitrile (AN), acrylic acid (AA) and itaconic acid 

(IA), potassium persulphate and sodium bisulphite were 

obtained from Aldrich. The liquid monomers were passed over 

alumina to remove the inhibitor. Deionized water was used for 

aqueous polymerisation using redox initiator. 

B. Redox Polymerisation 

The reactor was a 500 mL 3-necked flask fitted with a 

condenser, nitrogen inlet tube, thermocouple probe and stirrer. 

The flask was charged with 340 mL of de-ionized water and 

purged with dry nitrogen for 30 minutes while heating to the 

reaction temperature (40-50
o
C). The mixture of AN, AA and 

IA was then added followed by sodium bisulphite in 10 mL 

de-ionized water. After 5 minutes, potassium persulphate was 

added and the reaction was allowed to proceed for 3 h. The 

product was then filtered and washed with large amount of de-

ionized water and methanol and dried under vacuum at 70
o
C 

for 24 h.  

C. Characterisation 

Differential scanning calorimetry (DSC) was performed 

using Perkin Elmer, in nitrogen atmosphere at a heating rate of 

10 
o
C/min and the sample (1-3 mg) was heated from room 

temperature to 350 
o
C. Thermogravimetric analysis (TGA) 

was performed using a Perkin Elmer Thermogravimetric 

Analyzer Pyris 1 TGA. The sample (10-20 mg) was heated 

under N2 from ~50
o
C to 900

o
C at a heating rate of 10

o
C/min. 

The measurement of the rheological behavior of PAN 

solutions (3%) was carried out using Rheometer Paar Physica 

MCR300. 

III. RESULTS AND DISCUSSION 

A. Differential Scanning Calorimetry 

DSC exotherms of PAN homopolymer, copolymers of 

acrylonitrile with AA and terpolymers with IA are shown in 

Fig. 1. Various parameters obtained from these exotherms 

namely, glass transition (Tg), initial temperature of cyclisation 

(Ti), final temperature of cyclisation (Tf) and their difference 

(∆T = Tf - Ti) are listed in Table I. PAN homopolymer (Po) had 

a Tg of 171
o
C, whereas the Tg for AN/AA copolymers dropped 

to 48
o
C. This behavior is attributed to the AA which primarily 

acts to increase the free volume of PAN system and reduce the 

dipole-dipole interaction of AN groups. However, the 

incorporation of IA into the system shows a higher Tg than co-

polymer, PA. The result showed that as the amount of IA 

increased from 1 to 4 mol%, the Tg gradually increased. The 

major reason for the superiority of IA over other acids is the 

occurrence of two acid groups, which increases the probability 

of interaction between the carboxylic group and nitrile group. 

Owing to the dicarboxylic structure of IA, if one of the 

carboxylic groups moves away due to dipolar repulsion, the 

other carboxylic group moves to the vicinity of the nitrile 

group and takes part in the cyclisation reaction [5]. While 

cyclisation reaction increases, the crosslinking reaction will 

increase which enhances the Tg value of the polymer.  

DSC exotherms of PAN homo-polymer, AN-AA co-

polymer and AN-AA-IA ter-polymer are attributable to a few 

reactions occurring in temperature range ~109
o
C to ~341

o
C. 

Broadly, these reactions may be classified as oxidative 

reaction and cyclisation reactions. Oxidative reactions involve 

a group of reactions i.e., dehydrogenation and other 

elimination reactions which cause the conversion of C−C 

structure and thus generate oxygen-containing groups such as 

−OH, >C=O, etc. Cyclisation reactions lead to the 

development of ladder structures by oligomerisation of nitrile 

(C≡N) groups. In the PAN homo-polymer (Po), the cyclisation 

initiated through a radical mechanism, whereas in AN 

copolymers with acrylic acids, it follows an ionic mechanism. 

Ionic mechanism affects the cyclisation reaction with initiation 

starting at lower temperature. The distribution of carboxylic 

units in the chain also affects the Ti of exothermic reaction.  

 
Fig. 1. DSC exotherm of PAN homo-polymer recorded under nitrogen 

atmosphere at a heating rate of 10oC/min. 

TABLE I.  PARAMETERS OBTAINED FROM DSC THERMOGRAMS 

Polymer  

code 

Composition 

(mol%) 

Tg 

(
o
C) 

Ti 

(
o
C) 

Tf 

(
o
C) 

∆T 

(
o
C) 

P0 100/0/0 171.6 265 285 20 

PA 80/20/0 48.3 253 306 53 

P1 80/19/1 58.0 115 341 226 

P2 80/18/2 58.4 112 336 224 

P3 80/17/3 67.7 110 334 224 

P4 80/16/4 69.5 109 338 229 
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Cyclisation reaction initiated through radical mechanism is 

faster (smaller ∆T and narrower exothermic peak) and initiates 

at a higher temperature than the cyclisation which is initiated 

through ionic mechanism [12], whereas in the case of the AN 

copolymer, the cyclisation starts at a lower temperature, 

propagates at a slower rate, as evidenced from the broader 

exotherm (bigger ∆T). The Ti values for copolymer (PA) is 

12
o
C lower than the Ti value for the homopolymer PAN (P0) 

i.e., 265
o
C, suggesting a greater ease of initiation of the 

exothermic process in the presence of co-monomer studied.  

The effect of varying the amount of IA (1-4mol%) was 

studied at a fix amount of AN (80%). With the inclusion of 1 

mol% IA as the ter-monomer in AN-AA system, the initiation 

temperature for cyclisation dropped to about 115
o
C and did 

not change significantly with varying amount of IA (1-4 

mol%). This suggested that the stablisation reaction is 

facilitated in the presence, and by the nature, of the acid group 

rather than by the amount of acid monomer, as also reported 

by other researchers [7,12]. This indicates that the initiation of 

the exothermic reaction is not affected by an increase in the 

concentration of reaction sites (i.e., the termonomer unit, 

which are believed to initiate the exothermic reaction). The 

DSC thermograms also revealed a broader exotherm peak in 

the presence of ter-monomer IA, suggesting a slower reaction, 

as compared to the more intense peak observed for homo-

polymer PAN and did not change significantly with AN-AA 

co-polymer system, which seem to corroborate the speculation 

that IA helps in spreading the dehydrogenation and oxidation 

reaction rates over a broader temperature range. Multiple 

exothermic peaks are observed for the AN-AA-IA system and 

the doublet exothermic peaks are observed for PAN homo-

polymer (Po), as opposed to a single exothermic peak for PA. 

Gupta et al. [10] attributed the doublet peaks to the exothermic 

cyclisation and oxidative reactions, which proceeded fairly 

simultaneously, but the initiation of the oxidation reaction 

preceded the onset (Ti) of cyclisation. They assigned the first 

peak to the oxidative and cyclisation reactions and the second 

peak to the secondary oxidative reaction leading to chain 

scissions which caused the evolution of HCN, CO2 and CO.  

B. Thermogravimetric Analysis 

The TGA thermograms were used to determine the carbon 

content of the systems by measuring the char yield (the mass 

remaining at the end of heating). This could provide a more 

realistic indication of the final carbon content for conversion 

to carbon fiber under actual test conditions. In the 

thermogravimetric curve of the PAN homo-polymer (Fig. 2), 

three zones, i.e., up to 274
o
C, 274-287

o
C and above 287

o
C, are 

apparent. There is no substantial weight loss in the first zone. 

The rate of weight loss is maximum and rapid in the second 

zone, the final zone show a steady and slow weight loss up to 

900
o
C. It can be seen in Fig. 2 that the weight loss at 900

o
C 

was 46%. Rangarajan et al. [5] reported that the theoretical 

amount of carbon in PAN homo-polymer, which is the 

maximum attainable carbon yield after stabilization and 

carbonization, is about 50 wt%. This shows that the char yield 

of the PAN homo-polymer (Po) (Table II), is similar to that 

theoretical amount of carbon in PAN homo-polymer. The char 

yield of the AN-AA-IA for increasing amount of IA was 

similar (~43%). This lead us to conclude that higher levels of 

the IA termonomer (up to 4 mol%) do not significantly reduce 

the char yield. This could be due to presence of acid groups on 

the latter which slow down the rate of the highly exothermic 

reaction [3]. Thereby the chain scission reactions and the loss 

of volatile products are minimized, leading to lesser weight 

loss. However, they also serve as initiators for cyclization 

reactions to occur. As the amount of acid ter-monomer 

increases, the reaction sites associated with these reactions 

also increase, leading to the initiation of cyclisation reactions 

at a number of places in the polymer chain simultaneously. 

This would lead to increased heat generation and loss of 

volatile chain scission products such as HCN and NH3. Hence, 

the increased number of acid groups would actually decrease 

the carbon yield, which is evidenced for 4 mol% IA, that 

contains two carboxylic acids for every molecule of IA. 

C. Rheology 

In this work, dimethyl sulfoxide (DMSO) was used to prepare 

the solution of the precursor and the effect of temperature on 

the viscosity of the solution was studied. The relationship 

between parameters and spinnability has been discussed. 

Viscosity of samples at different temperature are plotted (Fig. 

3). The rheological behavior of the commercial PAN homo-

polymer and AN-AA-IA ter-polymers at different feed 

composition were studied. 

 

Fig. 2. Char yield of PAN homo-polymer and AN-AA-IA ter-polymers. 
 

TABLE II.   CHAR YIELD OF P0, COPOLYMER PA AND TERPOLYMERS (P1, 

P2, P3 & P4) AT 900OC 

Polymer  

code 

Char yield (%) 

 at 900
o
C 

P0 54                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                                     

PA 40 

P1 45 

P2 43 

P3 42 

P4 42 
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Obviously, as shown in Fig. 3, the viscosity decreases with the 

increasing temperature. As we expected earlier, AN-AA/-IA 

ter-polymers showed a reduced viscosity by 83% at 20
o
C 

compared to commercial PAN homo-polymer. This indicates, 

the incorporation of AA as co-monomer helps to reduce the 

viscosity of PAN system. AA has a diluent effect which helps 

in disrupting the dipole-dipole interactions present in the AN 

sequence and enhances the segmental mobility of the polymer 

chains. However, the ter-monomer IA content (1-4 mol%) 

does not significantly changed the viscosity of PAN system. 

The value of shear stress, τ characterizes the spinnability of 

spinning solution. The lower the value of τ, the better 

spinnability of the solution will be. It has been pointed out by 

other researchers [14] that the τ of the solution is low when the 

temperature of solution is recommended to be about 130
o
C, 

the spinnability of the UHMW-PAN solution is good. The 

similar characteristics of PAN solution were obtained as 

shown in Table III, that τ decreases at higher temperatures 

(20
o
C-60

o
C). It clearly shows that commercial PAN homo-

polymer gave higher shear stress,  compared to ter-polymer, 

which indicates that the advantage of using ter-polymer due to 

easy processing. This might be due to AA in terpolymer 

enhanced the mobility of the polymer chains, facilitating their 

flowability. However, with varying the amount of IA (1-4 

mol%),  did not reduced significantly. 

 

Fig. 3. Viscosity of samples at different temperature 

TABLE III.  SHEAR STRESS VALUE OF THE PRECURSOR WITH INCREASING 

TEMPERATURE AT CONSTAT SHEAR RATE,  

Temp. 
Commercial 

PAN homo-

polymer 

P(80/19/1) P(80/18/2) P(80/17/3) P(80/16/4) 

[°C] [Pa] [Pa] [Pa] [Pa] [Pa] 

20 0.593 0.103 0.089 0.107 0.092 

30 0.461 0.085 0.072 0.085 0.073 

40 0.373 0.067 0.058 0.068 0.060 

50 0.305 0.056 0.055 0.056 0.049 

60 0.247 0.050 0.044 0.047 0.041 

 

IV. CONCLUSION 

The PAN homo-polymer, AN-AA copolymers and AN-AA-IA 

ter-polymers were successfully synthesized by redox 

polymerisation. Incorporation of acid co- and ter-monomer 

has reduced the Tg values and the initiation temperature (Ti) of 

cyclisation/dehydrogenation. Terpolymers of AN-AA-IA 

appears to be more effective in separating the exothermic 

reactions corresponding to pre-oxidation stages in DSC curves 

lead to better stabilisation. In TGA curves, heat treatment at 

900
o
C showed that ter-polymers have greater char yield 

compared to that of the co-polymer PA4. Rheological behavior 

of PAN commercial homo-polymer and AN-AA-IA 

terpolymers shows that the viscosity decrease exponentially 

with the increasing temperature. However, AN-AA-IA 

terpolymers showed a reduced viscosity by 83% at 20
o
C 

compared to commercial PAN homo-polymer. 
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Abstract—A series of rice husk cellulose nanocrystals-

reinforced glycerol plasticized starch composite was successfully 

fabricated through solution casting technique.  Rice husk was 

undergoing alkali treatment, bleaching process and sulphuric 

acid hydrolysis before cellulose nanocrystals can be produced. 

The composition of rice husk cellulose nanocrystals in starch 

biocomposite was varied from 0% to 10% w/t. These materials 

were characterized by different techniques, namely XRD, tensile 

tests, TEM and water sorption assays. The tensile strength and 

modulus of biocomposite films revealed a significant 

improvement of the mechanical properties compared to unfilled 

starch film. Incorporating CNC into plasticized matrix also leads 

to a decrease in water sensitivity. Rice husk cellulose nanocrystals 

at the optimal 6% filler loading level exhibited the optimum 

reinforcing efficiency for plasticized starch bioplastic. The results 

obtained indicates clearly about the advantages in the use of 

thermoplastic starch reinforced with cellulosic fibres as it was a 

natural, cheap and abundant material to replace the extensive 

use of synthetic and petroleum based material. 

Keywords—rice husk; cellulose nanocrystals; cassava, starch; 

solution casting 

I.  INTRODUCTION  

Natural biopolymers have an advantage over synthetic 

biodegradable polymers as they are renewable raw materials. 

The best known materials capable of making these materials 

are starch and cellulose [1]. Starch-based films have potential 

applications in packaging industries, because of environmental 

appeal, low cost, flexibility and transparency. Nevertheless, 

the hydrophilic nature of thermoplastic starches makes them 

vulnerable to moisture attack which caused the deterioration in 

dimensional stability and mechanical properties [2,3]. 

Previous studies demonstrate by tailoring starch with cellulose 

help to overcome these problems [4,5]. This semi crystallite 

polysaccharide, widely used as nano filler is purposely added 

to increase the mechanical properties of the composites. It can 

be obtained through acid hydrolysis of the extracted cellulose 

from fibers. Although a small number of studies have been 

carried out to utilize plasticized starch combined with CNC to 

form plastic film, no report on using CNC from rice husk fiber 

as reinforcement in starch biocomposite.  

The paper reports the investigation into the effect of the 

incorporation of cellulose nanocrystals extracted from rice 

husk on the structural, morphology, water absorption and 

mechanical properties of cassava starch biocomposites. 

II. MATERIALS AND METHOD 

Materials  

The rice husk fibers used as raw material was obtained from 

Rice husk Fiber Industry Sdn. Bhd. (Malaysia). Native cassava 

starch was supplied by Thye Huat Chan Sdn. Bhd. (M). 

Sodium hydroxide (NaOH), Sodium chlorite, sodium 

hydroxide and sulphuric acid were used for the treatments of 

rice husk fibers. Sorbitol and glycerol were used as 

plasticizers in preparing the nanocomposites.  

 

 Preparation of rice husk cellulose nanocrystals  

Colloidal suspensions of cellulose nanocrystals (CNC) were 

prepared from rice husk.
6
 The excess of sulfuric acid was 

removed by repeated centrifugation at 10,000 rpm for 10 min. 

After that, the resulting suspension was submitted for dialysis 

against distilled water using cellulose membrane. The whisker 

content was determined by weighting aliquots of the solution 

before and after drying. 

 

Preparation of cassava starch/CNC nanocomposites. 

Thermoplastic starch was processed by casting a mixture of 

cassava starch granules, glycerol/ sorbitol (50:50), and 

distilled water. The mixture was heated at ~ 70
o
C with 

constant stirring in order to plasticize starch. The mixtures 

were added with a specific amount of the aqueous dispersion 

of CNC and mixed for 30 min (2-10 wt %; dry starch basis). 

The mixture was then cast into a Petri dish and place in an 

oven overnight before being kept at room temperature in 

conditioning desiccators at 30% relative humidity before tests. 

 

Characterizations  

The dispersion of CNC in the starch matrix was studied using 

a Zeiss Supra 55VP field emission scanning electron 

microscopy (FESEM). The composite films were frozen in 

liquid nitrogen and broken into small pieces. All the samples 

were mounted on aluminium stub by double-faced tape, coated 

by gold before observation to prevent charging with thickness 

around 0.01–0.1 μm. (Sputter Coater model BioRAD, 2.2 kV, 

2 min). Transmission electron microscopy (TEM) was 

conducted using a Philips CM30 microscope to investigate the 

morphology of the CNC. To enhance the contrast, the 

nanocrystals were negatively stained with 2 wt% uranyl 

acetate.  

Water uptake experiments were conducted on circular 

specimens, with 15 mm diameter. The water uptake at 

equilibrium was computed from the gain in weight. Matrix 

and composite film were submitted to X-ray radiation using a 

diffractometer Philips, model PW 1510 with a vertical 

goniometer operating at Cu Kα radiation wavelength (λ= 

0.154 nm) 40 kV, and 30mA. Scattered radiation was detected 

in the angular range 5–40
o
 (2θ). Tensile strength and modulus 

of starch biocomposites were performed on universal testing 

machine (Instron model 5566), at room temperature.  
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III. RESULT AND DISCUSSION 

Morphology of the cellulose nanocrystals.  

Fig. 1 shows TEM micrographs of a dilute suspension of CNC 
from rice husk fibers. The cellulose obtained was needle-like in 
shape. The figure also shows separated cellulose in nanometer 
scale. The size of the CNC was estimated to be 12±3.04 nm in 
width and between 200 to 300 nm in length. This correlates 
with TEM analysis on CNC from other sources [7]. 

Films physical properties.  

Transparent, thin and flexible films were obtained from both 

matrix and nanocomposite. Visually, the films had a clear 

white appearance. Fig. 2 showed the comparison between 

matrix and 6% nanocellulose composite film. It can be seen 

the color of the composite still comparable with the controlled 

film. This indicates that CNC can be used as filler without 

affecting the composite transparency.  

 

Water uptake.  

Fig. 3 shows the water uptake of unfilled matrix and  6% 

nanocomposite film as a function of time. The water uptake 

display two well-separated zones. At shorter times, t<60 h, the 

kinetics of absorption is very fast, whereas at longer times, 

t>60 h, the absorption is slow and leads to a plateau, 

corresponding to the water uptake at equilibrium. The unfilled 

matrix is found to absorb more water than the composite 

whereas the water uptake decreases with increasing the 

content of CNC. The reduction is ascribed to the formation of 

a cellulose nanoparticles network, which prevented the 

swelling of starch and therefore its water absorption [8]. 

 

 
 

Fig. 1. Transmission electron micrographs of a dilute 

suspension of CNC from rice husk 

 

 

 

 

 

 

 

 

 

 

 

Fig. 2.  Image of matrix (a), and 6% composite films (b) 

 

 

 

 Time   (min)
0 20 40 60 80 100 120

W
at

er
 a

bs
or

pt
io

n 
(%

)

0

20

40

60

80

100

120

Matrix

Composite plasticized

 
Fig. 3. Water absorption of unfilled matrix and 6% composite 

films 

 

Crystallinity of films.  

X-ray diffraction was used to observe the changes in 

crystallinity of the cassava starch matrix upon addition of 6 

wt.% nanocrystals. The patterns obtained for both films, the 

matrix and the composite, are shown in Fig. 4. Peaks around 

17.5
o
, 19.5

o
, 22

o
, 29.5

o
 and 34

o
 are observed. The magnitude 

of peaks at 2θ= 22
o
 and 29.5

o
 increases in composite film 

compared to unfilled matrix. This is probably due to the 

present of CNC in the composite.  

 

Mechanical properties.  

The tensile strength and modulus, as determined from the 

typical stress–strain curve, are shown in Fig. 5. The tensile 

strength of composites increases considerably with filler 

content, up until 6% CNC content. At 8 % and 10 % of CNC 

loadings, the value decreases slightly but still high if 

compared to the neat matrix value. The increment of tensile 

strength compared to the neat matrix indicates that the 

addition of cellulose did improve the mechanical properties of 

the composites. Additionally, the presence of CNC also 

caused a considerable increase in the tensile modulus but the 

value suddenly drops after 10% CNC loading. When the CNC 

loading increases above 6% w/w, there may be a strong 

tendency for filler-filler interaction. Hence the reinforcing 

effect is not very high for composites having 10% w/w filler 

loading. 
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Fig. 4. XRD patterns of matrix and 6% composite films 

(a) (b) 
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Fig. 5.  Effect of CNC loading on (a) mechanical tensile 

strength and (b) tensile modulus  

IV. CONCLUSIONS 

Cellulose nanocrystals from rice husk had been isolated using 

acid hydrolysis method. The diameter of cellulose 

nanocrystals recorded by transmission electron microscope 

(TEM) is 12±3.04 nm. Plasticized cassava starch/cellulose 

biocomposite films were successfully prepared via solution 

casting technique. Reinforcement effect of filler was 

investigated at the variation of CNC loadings (0-10wt.%). It 

was found that the addition of CNC enhance the mechanical 

properties of the nanocomposite films with the 6 wt% CNC 

showed the highest tensile strength. Incorporating cellulose 

nanocrystals also leads to a decrease in water uptake, and 

increased film crytallinity. 

ACKNOWLEDGMENT 

The authors would like to express their gratitude towards 

Universiti Kebangsaan Malaysia for allowing this research to 

be carried out. Financial supports were from Ministry of 

Higher Education under research grant number 

FRGS/2/2013/SG06/UKM/02/2 and Zamalah Universiti 

Penyelidikan from Universiti Kebangsaan Malaysia. 

 

REFERENCES 

 [1] M. J. John and S. Thomas, Carbohydrate Polymer (2008). 

[2] N. L. Garcia, L. Ribba, A. Dufresne, M. Aranguren, and S. Goyanes. 

Carbohydrate Polymers, 84,  203–210 (2011). 
[3] A. J. Svagan, M. S. Hedenqvist, and L. Berglund, Composites Science and 

Technology, 69, 500-506 (2009). 

[4] E.M. Teixeira, D. Pasquini, A.A.S. Curvelo, E. Corradini, M.N Belgacem, 
and A. Dufresne, Carbohydrate Polymers 78, 422-431 (2009). 

[5] Y. Chen, C. Liu, P. R. Chang, X. Cao and D. P. Anderson, Carbohydrate 

Polymer 76, 607-615 (2009). 
[6] H. Kargarzadeh, I. Ahmad, I. Abdullah, A. Dufresne, S. Y. Zainudin and 

R. M. Sheltami, Cellulose DOI 10.1007/s10570-012-9684-6 (2012). 

[7] J.O. Zoppe, M.S. Peresin, Y. Habibi, R.A. Venditti and O.J. Rojas, ACS 
Applied Materials and Interfaces, 1, 1996-2004 (2009). 

[8] M. N. Anglès, & A. Dufresne, Macromolecules, 33, 8344–8353 (2000). 

 

 

177

http://www-scopus-com.www.ezplib.ukm.my/authid/detail.url?authorId=55056414400&eid=2-s2.0-77950160430
http://www-scopus-com.www.ezplib.ukm.my/authid/detail.url?authorId=55050473800&eid=2-s2.0-77950160430
http://www-scopus-com.www.ezplib.ukm.my/authid/detail.url?authorId=55049853600&eid=2-s2.0-77950160430
http://www-scopus-com.www.ezplib.ukm.my/authid/detail.url?authorId=7004046106&eid=2-s2.0-77950160430
http://www-scopus-com.www.ezplib.ukm.my/authid/detail.url?authorId=55048229500&eid=2-s2.0-77950160430
http://www-scopus-com.www.ezplib.ukm.my/source/sourceInfo.url?sourceId=19700171101&origin=recordpage
http://www-scopus-com.www.ezplib.ukm.my/source/sourceInfo.url?sourceId=19700171101&origin=recordpage


178



Design of A chemical Absorption System for The 

Separation of Propane/Propylene Mixture 
 

Reda Zein, Ahmed F. Nassar, Tarek M. Mostafa 

Chemical Engineering Department 

Cairo University 

Giza – Egypt 

reda.zein@eng1.cu.edu.eg 

 
Abstract—Propane/propylene separation by distillation is the 

second most energy intensive distillation practiced after 
ethane/ethylene. Many researchers targeted finding economically 
attractive alternatives for this separation other than distillation. In 
this work, a system was designed to separate propane/propylene 
mixture by chemical absorption, one of the currently studied 
alternatives for this separation. The reaction medium consists of an 
ionic liquid namely 1-butyl-3-methylimidazolium tetrafluoroborate 
(BMImBF4) with dissolved silver tetrafluoroborate salt. The 
proposed system is mainly composed of a packed bed absorber along 
with a vertical flash separator. In addition, a heat exchanger, trim 
cooler, trim heater and a throttling valve are included in the system. 
Taking in consideration the mass transfer regimes, successful 
simulation of the process supports the possibility that the suggested 
system can be a potential alternative for propane/propylene 
conventional separation. 

Keywords—propane/propylene separation; chemical aborption; 

Ionic liquids ; stripping; distillation  

I. INTRODUCTION 

Separation of olefins from olefin/paraffin mixtures such as 
ethane/ethylene and propane/propylene recently became of 
high importance in petrochemical industries. This increased 
importance stems from the increasing demand for the 
production of polymers like polyethylene and polypropylene, 
and being the most energy intensive separation practiced. 
Further, propylene plays an essential role in petrochemical 
industries and is considered as the key building block for the 
synthesis of many petrochemicals other than polypropylene, 
such as acrylonitrile, propylene oxide, cumene, phenol, etc. [1] 
[2].  

The separation of propylene from propane/propylene 
mixture is difficult due to physical and chemical similarities 
between both molecules. Propylene of extremely high purity 
(minimum 99.5%) is required for the production of 
polypropylene and other chemicals. Propane/propylene 
separation is being performed by a highly energy-intensive 
distillation in three different processes: high pressure, low 
pressure or the most recent distillation with heat pump. The 
distillation tower for propane/propylene separation has about 
150-210 trays with high reflux ratio values of more than 20. 
Thus, process modification of propane/propylene separation 
can highly impact the economics of the whole system [1][2][3]. 

Many researchers targeted finding economically attractive 
alternatives for propane/propylene separation other than 

distillation. The proposed alternatives for this system are 
extractive distillation, chemical absorption, adsorption, 
membranes and hybrid membrane distillation [1][4].  

Propane/ propylene mixture could be separated by chemical 
absorption. Chemical absorption is generally advantages over 
distillation. Where, usually it reduces both the operating and 
equipment costs. Operating cost is reduced as chemical 
absorption depends mainly on mass transfer in separation not 
on energy, like in distillation. The equipment cost will be 
reduced if smaller equipment could be used. This could be 
achieved if a suitable absorption medium is used in addition to 
rapid reversible reaction to minimize the size of stripper. A 
suitable absorption medium should possess high selectivity and 
high absorbing capacity for propylene [5].   

The absorption medium proposed for propane/propylene 
separation consists of solvent with a salt dissolved on it. The 
Solvent used should have beside high propylene absorbing 
capacity and selectivity, a good resistance to contaminants and 
withstand different process conditions. Room temperature ionic 
liquids (RTILs) have remarkable properties such as non- 
volatility, non-flammability, thermal and chemical stability, 
and their strong affinity to olefins compared to paraffins.  All 
those properties make it a good choice for this separation. One 
of the ionic liquids that could be used here is 1-butyl-3-
methylimidazolium tetrafluoroborate (BMImBF4) where, it has 
all the required solvent properties mentioned. The salt used 
must contain a transition metal (traditionally silver or copper) 
to react with propylene. Here the salt proposed is silver 
tetrafluoroborate (AgBF4). Both the ionic liquid and silver salt 
have the same anion to enhance their mutual solubility [1][6].  

The aim of this paper is to design a chemical absorption 
system for the separation of propane/propylene mixture using 
reaction medium consisting of 1-butyl-3-methylimidazolium 
tetrafluoroborate BMImBF4 (RTIL) and silver 
tetrafluoroborate salt. The calculations for the absorber were 
done using the same feed flow rate, feed composition, and 
propylene recovery of an existing industrial distillation case. 

II. THEORITICAL BACKGROUND 

A. System description 

1)  Absorption medium 
RTILs are salts which remain in liquid phase below 100oC 

and composed totally of ions; organic cations and inorganic 
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anions. RTILs are usually called green solvents or designer 
solvent because of their very low volatility so they have low 
impact on environment. Alternatively RTILs are also called 
designer solvents because their properties could be adjusted by 
selecting their ions (chemical properties like stability could be 
adjusted by changing the anion of the ionic liquid, while 
physical properties are mainly affected by changing of the 
cation) [7][8]. 

The solvent selected for this study is BMImBF4 where a 
silver salt of Silver tetrafluoroborate AgBF4 is dissolved. Silver 
tetrafluoroborate and the ionic liquid have the same anion to 
enhance the mutual solubility[1]. Fig. 1 shows the structure of 
both the ionic liquid BMImBF4 and the silver salt AgBF4.  

2) Reactions involved 
The separation of propane/propylene mixture using 

chemical absorption takes place first by physical absorption of 
propylene in RTIL then the reaction of propylene with silver 
ions in the RTIL. The silver ions have the ability to bind 
selectively and reversibly with propylene in a ∏- complexation 
reaction as shown in Fig. 2. The propylene molecules donate ∏ 
electrons from their occupied 2p orbitals to the empty s orbital 
of silver ions to form ∏ bond.  Then electrons back donation 
from the occupied d orbitals of silver ions into the empty ∏*-
2p orbitals of propylene molecules giving ∏ bonding. The 
formed bonds have the advantage of being stronger than weak 
van der Waals forces in physical absorption. Hence, high 
selectivity and high capacity of propylene could be achieved. 
Also the formed bonds are still weak, so easy regeneration of 
the solvent could be done by raising temperature or lowering 
pressure [1]. 

The chemical reactions between propylene and silver ions 
result in forming primary and secondary complexes. These 
reactions are shown in (1) and (2). The formation of the 
complexes depends on the operating pressure, where the 
primary complex predominate at relatively low pressures and 
the secondary complex predominate at high pressures as shown 
in Fig. 3 [1].  

 

 (1)  (2) 

Fig. 1. Structure of BMImBF4 and AgBF4 

 

Fig. 2. ∏-Complexation between propylene and silver metal ions [5] 

 

 

 

 

 

 

Fig. 3. Primary and econdary complexes dependance on pressure at 298 K 
[1] 

B. Rate equation for chemical absorption and mass transfer 

regimes 

In systems involving absorption with chemical reaction, it 
is required to identify whether the mass transfer (diffusion of 
reacting species) or the chemical reaction is the controlling 
step. A. Ortiz et al. stated that for low silver ion concentration 
(lower than 0.25 M), the complexation reaction occurs in the 
transition between fast to very fast. For silver ion concentration 
equal to or higher than 0.25 M, the complexation reaction is 
considered to be instantaneous.  Thus, propylene absorption 
using complexation with silver ions could assumed to be mass 
transfer limited [6]. The calculations in this study are based on 
an average silver ion concentration of 0.25M along the tower. 

For this separation, it is expected that at least one of the 
following mas transfer regimes exist: i) Instantaneous reaction 
with high silver ion concentration,  ii) Instantaneous reaction 
with low silver ion concentration, and iii) Fast reaction, with 
low silver ion concentration. Fig. 4, shows the expected mass 
transfer regimes for the reaction between propylene (A) and 
silver ion (B). The individual mass transfer coefficients should 
be determined in each zone of the absorption tower to decide 
on the dominating regime [9]. 
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A comparison of the values of kAGPA and kBLCB at the top 
and bottom of tower determines which regime applies along 
the tower, When kAGPA ≤ kBLCB, the reaction will take place at 
the interface between the two phases as shown in Fig. 4(a). 
When kAGPA < kBLCB, the reaction will take place inside the 
liquid film as in Fig. 4(b) [9]. When CB is lower than 0.25 M, 
the reaction will take place inside the liquid film making a 
reaction zone as presented in Fig. 4(c), (kAG and kBL are the 
mass transfer coefficients of propylene in the gas phase and 
silver ions in the liquid phase, respectively while PA and CB are 
the propylene partial pressure and silver ions concentration, 
respectively). 

III. DESIGN CALCULATIONS 

The suggested chemical absorption system for propane/ ----
-propylene separation is composed of absorber-stripper 
configuration with a heat exchanger, trim cooler and heater as 
shown in Fig. 5. The absorber is a packed column with metal 
pall rings packing. A packed column is preferred compared to 
tray column to minimize the liquid holdup in the column [10]. 
Metallic pall rings packing is used as it is more efficient than 
Raschig rings and has lower cost per unit volume [11]. 

The stripping part is composed of a throttling valve and a 
flash tower. The reverse reaction takes place in the throttling 
valve and the mixed stream (stream 7) is directed to the flash 
tower to separate into rich propylene (stream 8) and ionic 
liquid (stream 9). This simple solvent regeneration system is 
proposed instead of the usual stripper as the reverse reaction 
only needs reduction in pressure and slight increase in 
temperature. The feed details and the target values of purity 
and recovery are given in TABLE I. 

A. Absorber design 

The equilibrium data of propylene- AgBF4/ BMImBF4 

system indicates that high selectivity can be achieved at 
relatively low pressure [1]. Thus, the absorber operating 
conditions were selected at 1 bar and 298 K. The primary 
complex formation at this pressure predominates as it is clear 
from Fig. 3. 

1) Individual mass transfer coefficients  
Onda’s correlation was used to calculate the effective   

packing area for the Pall ring packing in the absorber, and the 
individual mass transfer coefficients for propylene in liquid and 
gas phases and silver ions in liquid phase [11]: 

Fig. 4. Concentration profile by two film theory for (a) instantaneous reaction 
with high silver ion concentration (first regime), (b) instantaneous reaction with 

low silver ion concentration (second regime), and (c) fast reaction with low 
silver ion 

 

Fig. 1.  Scheme for Propane/propylene separation by chemical 
absorption 

Table I. The studied case 

Feed flow rate: (kmole/h) 3110 

Composition  

Mole % 

Propylene 37.8 

Propane 62.2 

Propylene recovery % 92 

Propylene purity % 99.6 

 

 (3) 

 (4) 

 

  (5) 

Where:  

K5    a constant depends on packing size and equals to 5.23 for 
packing sizes above 12 mm 

L*   liquid mass flow rate per cross-sectional area, kg/ m2.s 

V*   gas mass flow rate per cross-sectional area, kg/ m2.s 

aw    effective interfacial area of packing per unit volume, 
m2/m3 

a   actual area of packing per unit volume, m2/m3 

dp   packing size, m 

σL   liquid surface tension, N/m 

σc   critical surface tension for packing material, N/m 

ρ    density, kg/m3 

μ   viscosity, Pa.s 

g   gravitational acceleration, m/s2 

(1)

(2)(3)

(4) (5)

(6) (7)

(8)

To Vacuum

(9)

(10)

(11)

Absorber Stripper

Trim

Heater

Trim 

Cooler

H.EX

(12)

Main Streams

1: Feed 

2: Lean solvent

3: Propane product

4: Rich solvent

8: Propylene product

12: Solvent makeup
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DG   diffusion coefficient of propylene in propane, m2/s 

DL   diffusion coefficient in ionic liquid, m2/s 

R   universal gas constant, J/mole.K 

T   temperature, K 

2) Absorber sizing algorithm 
The diameter of the absorber was calculated using (6) and 

(7). Using (6), the flow factor FLV was calculated (where mL 
and mG are liquid and gas mass flow rates in kg/S, 
respectively). The gas mass flow rate per unit area of the tower 
(V*) was calculated using (7), assuming the design pressure 
drop (ΔP) from 15-50 mm H2O/m packing (where Fp is the 
packing factor in m-1).  The value of K4 is determined from a 
chart using ΔP and FLV values. A check on ΔP value was done 
by getting flooding percent (K4/K4 at flooding), where it should 
be lower than 85%. Finally, The tower diameter is calculated 
by V* and gas mass flow rate [11].  

  (6) 

  (7) 

Depending on the calculated values of mass transfer, the 
controlling regime is determined. According to the three 
regimes explained in section II.B, the corresponding rate 
equations are given in (8), through (13). When the silver ion ---
-concentration is lower than 0.25 M, then third regime applies 
using (10), (11), (12) and (13). 

Equation (10) calculates the Hatta number (Ha is a number 
represents the relative importance of chemical and physical 
absorption). Equations (11) and (12) calculate the infinite 
enhancement number (E∞ is the enhancement number for 
instantaneous reaction) and enhancement number (E is a 
number reflects the influence of chemical reaction on 
absorption kinetics). If the tower contains the three regimes, it 
will have three sections. Each section will be governed by its 
rate equation  [6][9][12]. 

  

 

  

  

  

  

Where:  

rA´´   Absorption rate per unit area, mole/s.m2 

DBL   the diffusion coefficient of silver ions in ionic liquid 
phase, m2/s 

DAL    the diffusion coefficient of propylene in ionic liquid, m2/s 

kAL   propylene in propane mass transfer coefficient in ionic 
liquid, m/s 

HA   Henry’s constant, m3.Pa/mole 

kA,B   reaction rate constant, m3/mole.s 

CA
i   Propylene concentration at the interface (equilibrium) 

Differential material balance on an element of the absorber 
with height (dh) is performed, the derivation is shown in (14), 
(15), (16) and (17) [9].  

If the first two regimes exist along the absorber, the height 
of each section will be calculated by entering governing rate 
equation in (17). Thus, the intermediate concentrations (CB3 & 
PA3) at which the regime shifts needed to be calculated in order 
to use in the height calculation. This will be done from the top -
-of the tower by performing stepwise material balance till the 
value of kAGPA exceeds kBLCBL value as explained in the flow 
chart of Fig. 6.  

 Propylene lost by gas = Silver Ions lost by liquid = 
Disappearance of propylene by reaction (14) 

  

  

  

Where: 

G’   molar flow rate of inert in the gas, mole/s 

L’   molar flow rate of inert in liquid phase, mole/s 

YA   mole ratio of propylene in gas phase 

Figure 2. Algorithm to calculate intermediate concentration (CB3, PA3) 

Applying material balance, calculate 
silver ion concentration in liquid phase 

(CB3)

Beginning from the top, assume propylene 
concentration in gas phase (PA3) ranging 

from inlet to outlet propylene concentration
[485-37870 Pa] 

Compare (KAG* PA3) with 
(KBL*CB3)

If  (KAG* PA3)      (KBL*CB3)>

Yes 

No

Got intermediate concentration  PA3  
and     CB3
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XB   mole ratio of silver ion in liquid phase 

rA´´´´   absorption rate per unit volume, mole/s.m3 

Vr   contactor volume, m3    

Ac.s.   Cross sectional area of the tower, m2 

h absorber height, m  

B. Stripper design 

Regeneration of the solvent to recover propylene will be 
done by increasing temperature and reducing pressure. The 
temperature will be increased by exchanging heat with the lean 
solvent from stripper in the heat exchanger, then heating in trim 
heater to reach 309 K. The pressure will be reduced to 0.05 bar 
allowing the reverse reaction to take place [1]. The produced 
stream will be separated in a flash separator. The output of the 
flash separator will be a vapor propylene-rich stream and a 
liquid lean-solvent stream to be recycled back to the absorber 
after cooling. 

IV. RESULTS AND DISCUSSION 

A. Absorber simulation  

Using (6) and (7), the absorber diameter was calculated and 
taken 5.3 m. Given that the gas feed mass flow is 134.5 ton/h, 
the minimum solvent to feed ratio was calculated and 
accordingly the solvent mass flow rate to be 4,046 ton/h. The 
absorber diameter value is relatively high because of the high 
feed and solvent flow rates.  

The individual mass transfer coefficient calculated from 
Onda’s correlations indicated the presence of the first two 
regimes inside the absorber; where at the top kAGPA > kBLCB 
and at the bottom kAGPA < kBLCB as shown in TABLE II. At the 
top of the tower, the concentration of the silver ions is high 
enough to make the reaction at the interface between the two 
phases. Moving towards the bottom of the absorber, the silver 
ions are consumed causing the reaction to take place inside the 
liquid film. The silver ion concentration at some point in the 
tower will be smaller than 0.25 M resulting in the presence of 
the third regime. Hence the absorber will have the three mass 
transfer regimes as shown in Fig. 7. The height of each section 
is calculated using the governing mass transfer rate equation.  

The height of each of the three sections was calculated and 
found to be 0.5 m, 7.7 m and 21 m respectively.  

TABLE II. INDIVIDUAL MASS TRANSFER COEFFICIENTS ALONG THE 

ABSORBER 

Mass transfer values at absorber top, mole/s.m2  

kAg. PA 0.0136 

kBl. CB 0.0377 

Mass transfer values at absorber bottom, mole/s.m2   

kAg. PA 0.2870 

kBl. CB 0.0056 

 

Fig. 7. Illustration of absorber sections 

Fig. 8 shows the relative values shift of (kAGPA) and (kBLCB) 
along the tower height in sections I and II (Tower height is 
calculated from the top and going down). The regime shift took 
place after 0.5 m from the top of the tower which is the height 
of the first section. The shift took place due to two reasons; the 
first is due to the fact that the silver salt concentration is not 
large enough to keep the reaction taking place at the interface 
between the two phases, and the second because the partial 
pressure of propylene increases towards the bottom of the 
tower. This is clearly shown in Fig. 9. The concentration 
profiles of propylene and propane along the tower height are 
also shown in Fig. 10. 

 

Fig. 8. Absorber kinetic regime shift between section I 

and II 

Section I
kAGPA<kBLCB 

Section II 
kAGPA>kBLCB 

CB1PA1

CB3PA3

CB2PA2

h I

h II

dh

PA4 CB4

Section III 
AgBF4 < 0.25 M h III
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Fig. 9. Absorber performance profiles for propylene and silver ions 

concentration 

Fig. 10. Propylene and propane concentration profiles along the tower 
height 

In propane/ propylene separation with chemical absorption, 
at high pressure, the capacity of the solvent towards propylene 
is increased and hence, propylene recovery is increased but low 
pressures gives higher propylene selectivity. The reason of this 
is that high pressure values increases physical absorption and 
hence, increases propane physical absorption as well and 
hence, reducing the selectivity. A compromise between the 
required recovery and selectivity value gives the optimum 
operating pressure. Fig. 11, gives the absorber height for 
different recovery percent at three different pressures, while 
Fig. 12, gives the propylene selectivity as a function of 
absorber pressure. The propylene selectivity here is calculated 
as the ratio of the number of moles of propylene to that of 
propane in the solvent stream feed to the flash separator.  

Fig. 11. Absorber height at different propylene recovery percent at three 
different pressures (the circle is the studied case) 

Fig. 12. Effect of operating pressure on Propylene selectivity (The triangle 
is the studied case) 

B. Stripper simulation 

The regeneration system is composed mainly of vertical 
flash separator. The mass flow rates of gas and liquid are 47.8 
ton/h and 3,996.4 ton/h, respectively, were calculated by 
performing flash calculations on the outlet liquid-vapor stream 
from the throttling valve after the trim heater. Setting a design 
residence time of 5 minutes, the diameter and height of the 
flash column will be 5 m and 22 m, respectively. 

Calculations showed that, reduction in pressure to 0.05 bar 
and slight increase in temperature to 309 K are enough for the 
solvent regeneration with minimum solvent makeup amount 
and getting the required propylene recovery of 92 %. Fig. 4, 
shows the expected mass transfer regimes for the reaction 
between propylene (A) and silver ion (B). Fig. 13, explain the 
effect of stripper pressure on both the propylene recovery and 
solvent makeup.  

TABLE III shows the main streams in the absorption- 
stripping system, where polymer grade propylene of 99.6 % is 
obtained after solvent regeneration (stream 8). 

Thus, the designed absorption- stripping system for 
propane/propylene separation gives the same recovery and 
propylene purity as that of the distillation case under study with 
significant reduction in the equipment sizes. The chemical 
absorption system also can give higher propylene recovery  

Fig. 13. Effect of Stripper pressure on solvent makeup and propylene 
recovery 
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Table III. Simulation results for the main process streams 

 
Absorber Stripper 

Stream 1 2 3 4 7 8 9 

Feed rate, kmole/h 3110.00 17972.35 1914.68 17916.47 19058.93 1085.98 17972.97 

Temperature, K 298 298 298 299 309 309 309 

C
o

m
p

o
si

ti
o

n
  
  
  

 

m
o
le

 %
 

Propylene 37.80 0.34 1.90 0.00 6.01 99.62 0.34 

Propane 62.20 0.02 98.10 0.33 0.31 0.38 0.02 

RTIL 0.00 91.81 0.00 92.09 86.57 0.00 91.80 

Ag+ 0.00 7.83 0.00 0.88 6.84 0.00 7.23 

Complex 

 
0.00 0.00 0.00 6.70 0.31 0.00 0.00 

 

with slight increase in the absorber height as shown in Fig. 11. 
The results show that the chemical absorption technique for 
propane/propylene separation is a promising alternative over 
the distillation technique, where the distillation tower that make 
the same separation has about 7.3 m diameter and 87 m height 
with a special type of trays to minimize pressure drop inside 
the tower. 

V. CONCLUSION 

In this work, design of chemical absorption system for the 
separation of propane/propylene mixture was performed. The 
system consisted mainly of one packed column absorber and 
regeneration system, which is composed of a throttling valve 
and a flash separator. The absorber’s optimum operating 
pressure from selectivity point of view is about 1 bar, where 
higher pressure values give low propylene selectivity. The 
absorber operating temperature is 298 K. The operating 
conditions of the flash separator are 0.05 bar pressure and 309 
K temperature.  The chemical absorption as a technique for 
propane/propylene separation proved to be challenging, where 
it gives the same propylene recovery purity of the distillation 
case with lower equipment size. 
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Abstract 

Stability limits (spinodal loci) weredetermined for 

nine binary systems, belonging to three groups; N-

Formylmorpholine (NFM)+ branched cycloalkanes 

(Methylcyclopentane, Methylcyclohexane, and 

Ethylcyclohexane), Perfluoroalkanes 

(Perfluorohexane, Perfluorohexane, and 

Perfluorooctanee )+ n-Alkanes (hexane, octane), 

and Acetonitrile+ n-Alkanes (Octane, Nonane, and 

Decane).Rigorous thermodynamic criteriafor 

spinodal limits and criticality conditions in terms of 

mixture Gibbs free energy were derived from the 

NRTL model. The highly nonlinear coupled 

algebraic equations were solved using a Matlab® 

code employing a double precision strategy to 

minimize round off-errors. The generated critical 

temperatures and compositions were compared 

with literature and found in good agreement. 

Keywords: Stability limits, spinodal, critical points, 

binary mixtures, computation. 

1.0 INTRODUCTION 

The spinodal locus of a certain liquid mixture defines 

the conditions of temperature, pressure, and 

composition, beyond which where the system cannot 

maintain its homogenous phase nature and must split 

into two or more phases to attain a more stable 

thermodynamic state [1]. Phase stability limits and the 

critical phenomena are subjects of special importance 

in the physical chemistry science of materials.  Beside 

the basic fundamental significance of these subjects, 

theyhave currently many industrial applications 

indifferent areas of modern technology. For example, 

in separation processes, which constitute more than  

Fahad M. Al-Sadoon 

Petrofac, Al-Khan Road, Sharjah  

PO Box 23467 

Sharjah, United Arab Emirates 

 

 

80% of investment capitals, phase stability limits 

determine the conditions for phase splitting and 

consequently the required hardware facilities for 

further separation and purification [2].In oil production 

fields, it is necessary to avoid the precipitation of 

asphaltenes that results in plugging the flowlines and 

impact oil production negatively [3]. The conditionsat 

which asphaltenes precipitate, can be accurately 

predicted using phase stability criterion, which will 

consequently lead to better design of oil flowlines. In 

polymer science, phase splitting ofpolymer solution 

can take two paths; either spinodal decomposition or 

nucleation and growth [4-7]. Spinodal decomposition 

refers to phase splitting by quenching the system into 

the unstable region (inside the spinodal curve), while 

nucleation and growth occurs when the system in 

quenched into the metastable region (between spinodal 

and binodal curves). Thus, determination of spinodal 

locus is essential to understand how phase splitting 

willoccur. In any case, knowledge of stability limits of 

binary systems is also practically important, in 

particular, in cases of safety engineering and materials 

handling. This is because stability limits represent 

conditions beyond which spontaneous and abrupt 

phase change must occur. Sometimes, situations that 

can give rise to reaching these stability limits are 

unavoidable. For example, an erupting fire in close 

proximity to chemical substances storage areas can 

result in reaching stability limits and consequently 

undergoing an abrupt phase change transition 

concomitant with disastrous consequences [8, 9].  

The critical temperature of a binary mixture (if 

existing) is a unique point, in the sense that it is both 

stable and on the limit of stability locus. Graphically, it 

is where the spinodal curve and binodal (LLE curve) 

converge to each other. Binary systems can have 
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Upper Critical Solution temperature (UCST) and 

Lower critical solution temperature (LCST). UCST 

defines the upper limit of LLE and will formif the 

binodal curve intersects the freezing curve and LCST 

defines the lower limit of LLE and will form if the 

binodal curve intersects the bubble point VLE curve 

[10].  All systems analyzed here are of the UCST type.  

Thermodynamic properties that require first and/or 

higher order derivatives are usually considered good 

test for the consistency and adequacy of 

thermodynamic models. Given this, the prediction of 

spinodal and critical loci, in addition of their practical 

importance, furnish a good test for models like the 

NRTL used here. 

The binary systems studied here are of both industrial 

and academic significance. N-Formylmorpholine 

(NMF) is an important solvent used to extract 

undesired constituents from hydrocarbon mixtures 

[11]. Aromatics content in gasoline and reformate that 

are produced by catalytic reforming of naphtha, for 

example, are restricted by environmental regulations, 

and can be, minimized by extractive distillation using 

NMF to selectively remove aromatics from these 

products  which can then be used as feedstock for 

petrochemical processes[12]. Perfluoroalkaneshave the 

same chemical structuresas those of alkanes, yet they 

differ in physical properties; they possess higher 

densities and vapor pressures, lower surface tensions, 

and higher gas solubilities in comparison to their 

corresponding alkanes. It is believed the differences in 

the physical properties are due to the fact that 

perfluoroalkanes have stronger covalent bonds, weaker 

van der Waals interactions, and lower 

polarizability[13]. Perfloroalkanes are used as oxygen 

carriers in blood substitutes, and in the synthesis of 

fluorous phase organic using fluorous catalysis [13]. 

Acetonitrile is used in oxidative desulfurization in 

biphasic acetonitrilesystems, where it is used to extract 

sulphur compounds from diesel and gasoline. It is then 

oxidized by the oxidative desulfurization process. This 

is needed in order to remove sulphur compounds that 

are inert in the hydro-desulfurization process [14]. 

2.0 METHODOLOGY 

As advanced in the previous section, there are many 

different routes towards calculating stability limits and 

critical loci for mixtures. In essence, all of these ways 

are different facets of the same rigorous 

thermodynamic criteria as advanced by Gibbs [1].In 

this section we outline the method adopted here which 

is entirely based on the rigorous approach presented by 

Tester and Modell [1].  

The criteria of stability of thermodynamic systems is 

best explored using the energy representation, i.e.,

 t t t

1 2 nU  = f S , V , N , N ,..,  N because then other 

Legendre transforms such as H
t
, G

t
, and A

t
 can easily 

be employed to develop more convenient criteria of 

stability. In terms of U
t
, the starting point for stability 

criteria development is the requirement that the second 

order variations in U
t
, which is a second order 

quadratic, be greater than zero, i.e.,: 

2 tn+2 n+2
2 t

i j

i=1 j=1 i j

U
U  = K x x   0

x x


  




  (2.1)

 

In this expression x stands for the independent 

variables S
t
, V

t
, N1,..,Nn. It can be shown that the 

expression above is equivalent to [1]:  

2 (n)

2

n-1

y
  0

N




    (2.2)

 

Where y
(n)

 is the n
th
Legendre transform of U

t
 and n is 

the total number of species in the system. Nn-1is the 

mole number of the (n-1)
th
 species. Note that y

(2)
is the 

second Legendre transform of 

 t t t

1 2 nU  = f S , V , N , N ,..,  N  i.e., y
(2)

  = G
t
 = G

t
(T, 

P, N1, N2,, …, Nn). For binary mixtures (n = 2) this 

becomes:  
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Equation 2.3 can be simplified by recognizing that 
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 And 

)ln( 111  xRTGpure   (2.5) 

Therefore, the stability criterion (equation 2.3) 

becomes: 
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In this work, an expression for μ1and the required 

derivative are taken from NRTL model that is 

expressed for binary systems by the following 

equations 
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Where   refers to the mole fraction,     and     are 

energy binary interaction dependent on temperature. 

Applying the derivative given in equation (2.6) on 

equations (2.5) and (2.8), the final form is 
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      (2.10) 

Equation (2.10) is the working equation to be solved 

for the stability limit for binary systems. Note that 

temperature is not explicitly expressed in equation 

(2.10) but    and     are function of temperature.  

In view of the phase rule, a non-reactive binary system 

in a single phase at the stability limit has two degrees 

of freedom as shown below [10]: 

                       

       (2.11) 

Where F stands for the number of degrees of freedom, 

n is the number of species, π is the number of phase, r 

is the number of independent chemical reactions, and s 

stands for any external special constraint that is not 

accounted for in phase and chemical reaction 

equilibria. In this case there is one special constraint, 

i.e., s = 1, which is the above stability criterion. 

Therefore, for a binary system at a fixed pressure and 

x1, the spinodal limit criterion (equation 2.10 above) 

can be solved for the temperature at the stability limit. 

As thecritical temperature for a mixture is a stable 

point on the stability limit locus, it satisfies in addition 

to stability criterion above another stability condition, 

i.e., 
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Therefore, there are two special constraints 

corresponding to the critical point of a mixture. The 

phase rule in this case gives for a non-reactive, binary 

mixture a single degree of freedom. For a binary 

mixture at a given pressure, stability limit criterion 

(equation 2.10) and the criticality criterion (equation 

2.13) must be solved simultaneously for the 

temperature (T) and the mole fraction (x1).  
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3.0 RESULTS AND DISCUSSION 

Table 1shows the different binary systems studied in 

this work, together with the references citing their 

available experimental data in the literature. The 

systems addressed here involve N-Formylmorpholine 

(NFM) + branched cycloalkanes (Methylcyclopentane, 

Methylcyclohexane, and Ethylcyclohexane), 

Perfluoroalkanes (Perfluorohexane, Perfluorohexane, 

and Perfluorooctanee) + n-Alkanes (hexane, octane), 

and Acetonitrile+ n-Alkanes (Octane, Nonane, and 

Decane). For each binary system, the spinodal curve 

was generated by solving the stability limit criterion 

(equation 2.10). The critical temperature of each 

binary at the reported pressure of the experimental data 
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was determined by solving the two highly coupled 

stability and criticality criteria (equation 2.10 and 

equation 2.13).  

The interaction parameters required by the NRTL 

model for the optimum fitof the binodal equilibrium 

data of each binary system were reported in the 

literature and they are reproduced in tables 2-4. It is to 

be noted that different models for the binary 

interaction parameter were employed by different 

authors. The models used with their corresponding 

systems are shown below,  

Formylmorpholine (NFM) + branched Cyclohexanes 

Tc
T

b
a ij

ij

ijij ln   (3.1) 

And the non-randomness parameter is fixed at 0.3. 

Coefficients aij, bij, and cijare given in table 2.  

 Perfluoroalkane + n-Alkanes 

RT

gg jjij

ij


      (3.2) 

2)()( TTCTTBAgg cijcijijjjij    (3.3) 

Coefficients Aij, Bij, and Cij are shown in table 3. Non-

Randomness factor is fixed at 0.2 for all binary 

systems in this group. 

 Acetonitrile + n-Alkanes 

543

2

)()()(

)()(

TTFTTETTD

TTCTTBAgg

cijcijcij

cijcijijjjij





                (3.4) 

Non-randomness factor was used as fitting 

parameter as well here.  Coefficients in equation 

(3.6) and the non-randomness factor are given in 

table-4. 

Eleven binary systems studied here show upper critical 

solution temperature (UCST) as shown in Figs 1-8. It 

is to be noted that not always binary systems have 

critical points. For example the binary system of t-

butyl acetate+ poly (ethylene glycol) [15] doesn’t 

show a critical point. Moreover, not always binary 

systems have an UCST. Actually there many binary 

mixture that show lower critical solution temperature 

(LCST) such as polystyrene (1) +Tert-butyl acetate (2) 

andWater (1) + n-heptylpolyglycolethers [16, 17]. 

Critical temperatures for all binary systems are given 

in table 5 and they are also depicted as a solid circle in 

Figs 1-8.The experimental data reported in the 

literature are shown to be nicely fitted with the NRTL 

model.For all binary systems studied, Figs 1-8 show a 

nice convergence of the spinodal to the bimodal curve 

at the critical point of the mixture.This, in addition to 

the perfect fit of the NRTL model to the binodal 

experimental data, gives confidence in the predicted 

spinodal curves for the different systems. 

Unfortunately, experimentally determined stability 

limits are lacking for most liquid mixtures. 

It is interesting to note that for all binary systems 

studied the metastable regions, where a single phase of 

the two species can be maintainedhomogenous without 

splitting (i.e., the region bounded by the spinodal 

(dashed curve) and the bimodal(slid curve)), penetrate 

deep into the two-phase region under the binodal 

curve. For example, for methylcyclopentane(1) + NFM 

(2) (Fig 1) at a temperature of 350 K, a homogeneous 

mixture that is supposed to split into two phases of x1= 

0.13 (NFM-rich phase) and x1 = 0.9 

(methylcyclopentane–rich phase) can be maintained as 

a single homogeneous phase without splitting up to x1 

= 0.3 starting from pure NFM on the left and up to x1 = 

0.8 starting from pure methylcyclopentaneon the right.
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TABLE 1     RANGE OF TEMPERATURE AND COMPOSITION FOR BINARY SYSTEM STUDIED. 

System Temperature range (K) 

Composition 

range 

Methylcyclopentane+N-Formylmorpholine [12] 300.27-398.73 0.0673-0.9835 

Methylcyclohexane+N-Formylmorpholine [12] 301.24-402.28 0.0626-0.9787 

Ethylcyclohexane+N-Formylmorpholine [12] 297.85-409.63 0.0274-0.9797 
Perfluorohexane + n-hexane  [13] 285.09-295.78 0.1498-0.7000 

Perfluorohexane + n-octane  [13] 281.67-334.83 0.0513-0.9059 

erfluorooctanee+ n- octane [13] 304.97-349.50 0.0503-0.8734 
Acetonitrile+n-octane [14] 347.54-364.83 0.287-0.9082 

Acetonitrile+n-onane [14] 339.71-373 0.3563-0.9482 

Acetonitrile+n-decane [14] 351.77-380.53 0.2506-0.9511 

 

TABLE 2 BINARY INTERACTION COEFFICIENTS FOR BRANCHED CYCLOALKANES (1)+ NFM (2). [4] 

 
a12 a21 b12/K b21/K c12 c21 

Methylcyclopentane  + 

NFM 
-14.616 82.929 2413.9 -3071.7 1.7193 -12.407 

Methylcyclohexane + 
NFM 

254.71 29.701 -11370 -371.47 -37.485 -4.6313 

Ethylcyclohexane + 

NFM 
194.08 -8.3869 -8527.4 2036.1 -28.539 0.75341 

 

TABLE 3 BINARY INTERACTION COEFFICIENTS FOR PERFLUOROALKANE (1) +ALKANE (2). 

 

ij=12 ij=21 

Perfluorohexane (1) + n-hexane (2) 

Aij (J/mol) 5.809150×102 5.298431×103 

Bij (J/mol) 6.935871×101 3.489141×1013.489141×101 
Cij (J/mol) −1.872603 −1.762582 

Perfluorohexane (1) + n-octane (2) 

Aij (J/mol) 1.721268×103 4.734393×103 
Bij (J/mol) 6.033262×101 2.219952×101 

Cij (J/mol) −6.988607×10−1 −2.378780×10−1 

Perfluorooctane (1) + n-octane (2) 
Aij (J/mol) 4.610810×102 6.523878×103 

Bij (J/mol) 5.275480×101 6.035228×101 

Cij (J/mol) 1.718153×10−2 −1.881921 

  

TABLE 4 BINARY INTERACTION COEFFICIENTS FOR ACETONITRILE (1)+ ALKANE SYSTEMS (2). 

 
ij=12 ij=21 

Acetonitrile(1) + Octane(2) 

Aij (J/ mol) 6.209280×103 2.148610×103 
Bij (J/ mol K) −9.578565×10 4.122008×102 

Cij (J/ mol K2) 5.441342×10 −1.106913×102 

Dij (J/ mol K3) −8.743969 1.580942×10 
Eij (J/ mol K4) 5.901122×10−1 −1.022817 

Fij (J/ mol K5) −1.435335×10−2 2.447284×10−2 

αij 0.35 0.35 
Acetonitrile(1) + Nonane(2) 

Aij (J/ mol) 6.628703×103 2.921445×103 

Bij (J/ mol K) 2.376530×10 3.716344×102 
Cij (J/ mol K2) 6.007725 −4.503373×101 

Dij (J/ mol K3) −5.591383×10−1 2.875876 

Eij (J/ mol K4) 1.914956×10−2 −8.278521×10−2 
Fij (J/ mol K5) −2.227959×10−4 8.814626×10−4 

αij 0.41 0.41 

Acetonitrile(1) + Decane(2) 
Aij (J/ mol) 6.910348×103 2.746409×103 

Bij (J/ mol K) 5.448184×10 1.720912×102 

Cij (J/ mol K2) 4.730795 −7.280994 
Dij (J/ mol K3) −5.680709×10−1 3.647042×10−1 

Eij (J/ mol K4) 2.150812×10−2 −1.127986×10−2 

Fij (J/ mol K5) −2.727123×10−4 1.442988×10−4 

αij 0.41 
0.41 
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TABLE 5CRITICAL TEMPERATURE COMPOSITION DETERMINED IN THIS WORK WITH LITERATURE FOUND IN LITERATURE. 

 

 

  

 

 

 

The spinodal curves for the different binary systems 

studied here are consistent with the reported 

experimental binodal equilibrium data. That is they are 

lying nicely within the binodal and they make a good 

convergence to the binodal data at the critical point. 

The calculated critical temperatures, together with the 

calculated composition for the different binary systems 

studied here are summarized in table 4. Shown also in 

the same table, are experimental valuesreported in the 

literature. 

The critical temperatures found for Formylmorpholine 

(NFM) + branched Cyclohexanesagreesreasonably 

well with the literature [12]. The mutual solubility 

increases as the size of the cyclohexane increases, as 

expected. Nevertheless, it is interesting to note that the 

contribution of the cycloalkane size has less effect on 

the critical temperature than the branch size. Going 

from methylcyclopentane to methycyclohexane has an 

effect of increasing the critical temperature by only 2 

K, while the difference between methylcyclohexane 

and ethylcyclohexane produces a difference of almost 

10 K. In addition, it can be observed that increasing the 

size of the components decreases the critical 

composition. As for Perfluoroalkane + n-Alkanes 

systems, the predicted critical temperatures were 

slightly higher than the ones found in literature. The 

mutual solubility, i.e. critical temperatures, increased 

with the size of the hydrocarbons. 

 

Similarly, the critical temperatures for Acetonitrile + 

n-Alkanes systems increased with the alkane size.  The 

critical temperatures and critical compositions found 

by [14] are somewhat different from the ones 

determined here. This is due to the fact that data 

reduction in that paper [14] used the second, third, and 

fourth derivatives of Gibbs excess equation to find the 

critical temperature along with the energy fitting 

parameters, whereas we have only used the second 

derivative of Gibbs excess equation.  

4.0 CONCLUSION 

Stability limits and critical temperatures were found 

for nine binary systems using the criticality and 

spinodal limits criteria proposed by Gibbs. The binary 

systems considered in this work contain cyclic-and 

normal-alkanes. Rigorous thermodynamic criteria for 

spinodal limits and criticality conditions in terms of 

mixture Gibbs free energy were derived using the 

NRTL model for the excess Gibbs energy for the 

liquid phase of each binary. The resulting highly 

nonlinear coupledalgebraic equations were 

simultaneously solved by Matlab©. The results found 

in this paper, i.e.critical temperatures and 

compositions, were compared with literature and found 

in good agreement. 

  
  

 Critical Temperature (K) Critical composition 

System This work Literature This work Literature 

Methycyclopentante (1)+NFM (2) 402.91 403.29 [12] 0.5936 0.5933 [12] 

Methylcyclohexane (1)+ NFM (2) 404.8 404.78 [12] 0.5708 0.5707 [12] 
Ethylcyclohexane(1)+ NFM(2) 414.65 414.73 [12] 0.551 0.5509 [12] 

Perfulorohexane(1)+ Hexane(2) 296.41 295.8 [13] 0.3621 0.37 [13] 

Perfulorohexane(1)+ Octane(2) 334.84 331.5 [13] 0.42 0.45 [13] 
Perfulorooctane(1)+ Octane(2) 349.52 349.4 [13] 0.3506 0.36 [13] 

Acetonitrile(1)+Octane(2) 364.8 364.84 [14] 0.678 0.6781 [14] 

Acetonitrile(1)+Nonane(2) 372.89 372.96 [14] 0.707 0.6928 [14] 
Acetonitrile(1)+Decane(2) 380.41 380.45 [14] 0.72 0.7203 [14] 
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Fig. 1. Binodal&Spinodal curves for Methylcyclopentane (1) + NFM (2). 

Experimental points (+), Binodal curve from NRTL (—), Spinodal curve (--

), and critical point (•). 

 
Fig. 2. Binodal&Spinodal curves for Methylcyclohexane (1) + NFM (2). 

Lines and symbols are the same as in Fig. 1 

 
Fi.g. 3. Binodal&Spinodal curves for Ethylcyclohexane (1) + NFM (2). 

Lines and symbols are the same as in Fig. 1 

 
Fig. 4. Binodal&Spinodal curves for Perfluorohexane (1) + Hexane (2). 

Lines and symbols are the same as in Fig. 1 

 

 
Fig. 5. Binodal&Spinodal curves for Perfluorohexane (1) + Octane 

(2). Lines and symbols are the same as in Fig. 1. 

 

Fig. 6. Binodal&Spinodal curves for Perfluoroooctane (1) + Octane 

(2). Lines and symbols are the same as in Fig. 1. 

 
Fig. 7. Binodal& Spinodal curves for Acetonitrile (1) + Octane (2). 

Lines and symbols are the same as in Fig. 1. 

 
Fig. 8. Binodal& Spinodal curves for Acetonitrile (1) + Nonane (2). 
Lines and symbols are the same as in Fig. 1.  
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Abstract— The search for reliable and efficient global 

optimization algorithms for solving phase stability and phase 

equilibrium problems in applied thermodynamics is an ongoing 

area of research. In this study, we introduce a new algorithm, 

MAKHA, which is a hybrid between Monkey Algorithm (MA 

and Krill Herd Algorithm (KHA). Its performance is compared 

with the two original algorithms along with Cuckoo Search for 

solving difficult phase stability and phase equilibrium problems. 

The results MAKHA is more reliable than the original two 

algorithms. However, its reliability could not exceed the 

reliability of CS. In summary, MAKHA is a promising nature-

inspired optimization method to perform applied thermodynamic 

calculations for process design. 

Keywords—Phase Equilibrium; Phase Stability; Stochastic 

Global Optimization; Monkey Algorithm; Krill Herd Algorithm; 

Cuckoo Search 

I.  INTRODUCTION 

The sophisticated decision making process that swarms of 
living organisms exhibit has inspired several optimization 
algorithms. Examples of these swarm intelligence optimization 
techniques are based on the decision making process of 
fireflies, ants, bees or birds [1]. In general, the bio-inspired 
methods are quite simple to implement and use. They do not 
require any assumptions or transformation of the original 
optimization problems, do not require good starting points, can 
easily move out of local minima in their path to the global 
minimum, and can be applied with any model (i.e., black box 
model), yet provide a high probabilistic convergence to the 
global optimum. They can often locate the global optimum in 
modest computational time compared to deterministic 
optimization methods [2]. Therefore, these techniques are more 
advantageous compared to traditional local gradient-based and 
global deterministic optimization techniques. 

Recently, swarm intelligence optimization methods have 
been introduced for solving challenging global optimization 
problems involved in the thermodynamic modeling of phase 
equilibrium for chemical engineering applications [3-10]. In 
particular, the calculations of phase and chemical equilibrium 
are an essential component of all process simulators in 
chemical engineering. The prediction of phase behavior of a 
mixture involves the solution of two main thermodynamic 
problems: phase stability (PS) and phase equilibrium 
calculations (PEC) [11]. PS problems involve the 
determination of whether a system will remain in one phase at 

the given conditions or split into two or more phases. This type 
of problems usually precedes the PEC problem, which involves 
the determination of the number, type and composition of the 
phases at equilibrium at the given operating conditions [9]. 
Note that a reactive phase equilibrium calculation (RPEC) or 
chemical equilibrium calculation is performed if any reaction is 
possible in the system under study. During the analysis of a 
chemical engineering process, PS, PEC and/or RPEC problems 
usually need to be solved numerous times. Solving these types 
of thermodynamic problems involves the use of global 
optimization methods. In particular, PS analysis requires the 
minimization of the tangent plane distance function (TPDF), 
while the Gibbs free energy function needs to be minimized for 
PEC and RPEC subject to the corresponding constraints [9]. 
For these thermodynamic problems, finding a local minimum 
is not sufficient; and the global minimum must be identified for 
determining the correct thermodynamic condition.  

In general, the high non-linearity of thermodynamic 
models, the non-convexity of the objective functions, and the 
presence of a trivial solution in the search space make PEC, 
RPEC and PS problems difficult to solve. Moreover, these 
thermodynamic problems may have local optimal values that 
are very comparable to the global optimum value, which makes 
it challenging to find the global optimum [9]. Hence, PS, PEC, 
and RPEC problems require a reliable and efficient global 
optimization algorithm. To date, there are no effective 
optimization methods at all for performing these 
thermodynamic calculations. Current methods for phase 
equilibrium modeling have their own deficiencies and 
sometime fail to find the correct solutions for difficult 
problems such as the calculation of simultaneous phase and 
chemical equilibrium for systems containing many components 
near the critical point of the mixture and the phase boundaries 
[11]. Wrong estimation of the thermodynamic state may have 
negative impacts on the design, analysis and operation of such 
novel processes. Therefore, the search for better methods and 
techniques to solve these often-difficult thermodynamic 
problems is still ongoing and new optimization algorithms 
should be developed and/or analyzed.  

Swarm intelligence optimization methods have been 
insufficiently studied in chemical engineering applications 
including the thermodynamic modeling of phase equilibrium 
[3-10]. In particular, this work introduces a new hybrid bio-
inspired optimization algorithm for PEC, RPEC and PS 
problems involving multiple components, multiple phases and 
popular thermodynamic models. This algorithm is called 

195



MAKHA, which is a hybrid between Monkey Algorithm (MA) 
[12] and Krill Herd Algorithm (KHA) [13]. After introducing 
the new algorithm, the study evaluates its performance against 
the performance of the original two algorithms. In addition, a 
comparison is made with Cuckoo Search (CS) [14], which has 
been shown to be the most reliable algorithm for solving phase 
stability and phase equilibrium problems [9]. We 
systematically used those methods on some of the difficult 
phase stability and phase equilibrium problems reported in the 
literature, and then analyzed their performance in terms of clear 
reliability and efficiency metrics.  

The remainder of this manuscript is organized as follows. 
The new optimization method is introduced in Section 2. A 
brief description of the phase stability and equilibrium 
problems is given in Section 3, including the implementation 
details of the algorithms. Section 4 presents the results and 
discussion of their performance in solving these 
thermodynamic calculations. Finally, the conclusions of this 
study are summarized in Section 5. 

II. DESCRIPTION OF MONKEY ALGORITHM – KRILL HERD 

ALGORITHM HYBRID 

MAKHA is a new hybrid algorithm, which combines some 
of the mechanisms and processes of MA and KHA together to 
get a reliable algorithm with appreciated performance. The 
steps of both algorithms include exploration/diversification and 
exploitation/intensification features as follows. The 
exploration/diversification features of MA are the somersault 
process and the watch-jump process, while for KHA, they are 
the physical random diffusion and the genetic operators. On the 
other hand, the exploitation/intensification features of MA are 
the climb and the watch-jump process, while for KHA, they are 
the induced motion and the foraging activity. 

Both algorithms attempt to balance between 
exploration/diversification and exploitation/intensification 
features. MA has two exploration operators and two 
exploitation operators.  The watch-jump process acts as both an 
exploration and an exploitation operator.  The somersault 
operator is a high-performing diversification operator that 
makes a good use of the pivot function.  Since MA is an 
exploration-dominant algorithm, the exploitation balance is 
brought to the algorithm by running the climb process twice 
per iteration. Increasing the number of cycles needed in MA 
reduces the computational efficiency as it increases the number 
of function evaluations (NFE);  

Even though KHA also has two exploration operators and 
two exploitation operators, its exploration component is not 
dominating because the physical random diffusion is a less 
efficient exploration operator than the somersault operator is. 
Thus, entrapment in local minima is more probable in KHA 
than in MA. The trapping problem can be addressed in the 
KHA by the use of two genetic operators (cross over and 
mutation). Since the foraging movement is a high-performing 
exploitation operator, KHA could be considered an 
exploitation-dominant algorithm. 

An equal number of exploration and exploitation operators 
does not necessitate a balance between exploration and 
exploitation. The performance of operator is a critical factor. 

Assessing the performance of an operator can be done by 
replacing the exploration or exploitation operator in one 
algorithm with the same type of operator in the other 
algorithm. Testing the modified algorithms with benchmark 
problems reveal whether or not the replaced operator was 
performing ifs function efficiently relative to the other 
operator.  

To improve the performance of the algorithm such that the 
modified algorithm outperforms the two original algorithms, 
we aimed at using the best performing exploration and 
exploitation operators from the two algorithms. The hybrid 
algorithm, MAKHA, was constructed from the following 
processes: 

 The watch-jump process.  

 The foraging activity process.   

 The physical random diffusion process.   

 The genetic mutation and crossover process.  

 The somersault process. 

The climb process which consumes a high NFE was not 
included in hybrid algorithm nor was random diffusion step in 
most of the problems. 

The general pseudo-code for this algorithm is shown in Fig. 
3, while the equations used are as follows: 

A. Initialization procedure 

The positions of the hybrid agent (monkey/krill) are created 
randomly, Xi = (Xi1, Xi2, …, Xi(NV)), where i = 1 to NP which 
represents the number of hybrids, while NV represents the 
dimension of the decision variable vector. 

B. The fitness evaluation and sorting 

Hi=f(Xi), where H stands for hybrid fitness and f the 
objective function used. 

C. The watch-jump process 

In this process, each hybrid jumps with respect to other 
hybrids’ positions. The decision is based on information 
transferred by other hybrids as follows: 

 

      (1) 

Full details about this step can be found in [15] 

D. Foraging motion 

Calculate the food attractiveness and the effect of best 
fitness so far 

, ,
ˆ ˆfood food

i i food i foodC H X      (2) 

 , ,
ˆ ˆbest

i i ibest i ibestH X     (3) 

Where C
food

  is the food coefficient, which starts at 2 and 
decreases with time.  
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Fig. 1. Pseudocode for MAKHA Algorithm 

The center of food density is estimated from the shown 
equation: 

    (4)

 

and Hibest is the best previously visited position. 

ˆ ˆ,i iH X  are unit normalized values obtained from this 

general form: 

    (5)

 

    (6)
 ε is a small positive number that is added to avoid 

singularities. Hbest  and Hworst are the best and the worst fitness 
values of the hybrid agents so far. H stands for the hybrid 
fitness. 

The foraging motion is: 

   (7)  

Where Vf is the foraging speed, wf is the inertia weight of 

the foraging motion in the range [0,1], and  is the last 

foraging motion. 

E. Physical diffusion 

This is an exploration step that is used at high dimensional 
problem. 

   (8)
 

where Dmax is the maximum diffusion speed, and δ is the 
random direction vector. Then, the time interval Δt is 
calculated from 

  (9)
 

where Ct is constant. The step for position is calculated 
from 

    (10) 

  (11)
 

where   represents the velocity of hybrid. 

F. Genetic Operator  

The genetic operator is implemented through two steps, 
crossover and mutation: 

1) Crossover 

  (12) 

where Cr is the crossover probability. 

2) Mutation 

 

 

      (13) 

where µ is a random number, and  is the mutation 
probability. 

Part I: Set parameters and initialize 

Define lower and upper bounds of X 

 Generate random population (NP) of positions (Xi)  

Assign values to KHA parameters  

Assign values to MA parameters 

Set time, food foraging (Fi) and diffusion (Di) to zero 

Calculate genetic parameters (Cr, Mu) 

Part II: Algorithm loops 

Evaluate the fitness of the hybrid individuals. 

For I = 1: MG (Maximum Generation) 

  Watch-jump process 

   Generate new Yi from (Xij-b, Xij+b) 

   If -f (Yi) ≥ -f (Xi) 

     Update Xi with Yi if feasible (i.e. within limits) 

   End If 

   Foraging motion step 

   Generate center of food density (X
food

) for hybrids. 

   Calculate and update the foraging motion (Fi). 

   Physical diffusion step 

   Calculate and update the diffusion motion (Di) 

   Move positions of hybrids after t+Δt period 

   Update the time (t) 

   Evaluate the fitness of the hybrid individuals (f(X)) 

   Rank hybrid positions according to minimum fitness 

   Return the best hybrid position and its fitness so far 

   Implement the genetic operator  

   Apply crossover and mutation on hybrid positions  

   Update the hybrid positions and check their limits 

   Somersault process 

   Estimate Pivot (P) from Xij, c and d 

   Calculate Yi around the pivot 

   Update Xi with Yi if feasible 

   Repeat somersault until feasible 

   Rank the positions and find current best solution 

 End For MG 

 Get the best solution 
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G.  The somersault process: 

α is generated randomly from [c, d] where c and d are 
somersault interval.  The process is implemented as follows 

Create a pivot P: 

  (14) 

Get Hybrid new position, Y 

   (15) 

MAKHA offers more exploration than KHA and more 
exploitation than MA.   

III. DESCRIPTION OF THE PHASE EQUILIBRIUM PROBLEMS 

In this study, the phase stability and equilibrium problems 
are stated as a global optimization problem. Therefore, the 
global optimization problem to be solved is: Minimize F(X) 
with respect to D decision variables: X = (X1, …,XD). The 
upper and lower bounds of these variables are   and  , 
respectively. The phase stability, phase equilibrium and 
reactive phase equilibrium calculations for testing the 
performance of global optimization methods are explained 
below. 

A. Phase Stability 

It involves the determination of whether a system will 
remain in one phase at the given conditions or split into two or 
more phases. The thermodynamics function is the tangent 
plane distance function 
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where c is the number of components of the mixture, 
yi   

and 
zi  are the chemical potentials calculated at trial 

composition y and feed composition z. The optimization 

problem is to minimize (15) and the decision variables,  are 
given by 

cinzn Fiiiy ,...,1    
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    (18) 

where niy are the mole numbers of component i in phase y 
and nF is the total moles in the mixture under analysis. 

B. Phase Equilibrium Calculations 

It involves the determination of the number, type and 
composition of the phases at equilibrium at the given operating 
conditions. The thermodynamic function is the Gibbs energy of 
mixing given below 
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where  is the number of phases at equilibrium and θij 
denotes the composition (i.e., x or n) or thermodynamic 
property of component i in phase j. The optimization problem 

is to minimize (18) with respect to the decision variables  

cinzn Fiii ,...,1   11  
   (20) 
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C. Reactive Phase Equilibrium Calculations 

It involves the determination of the number, type and 
composition of the phases at equilibrium at the given operating 
conditions and subject to element/mass balances and chemical 
equilibrium constraints. Gibbs free energy of mixing defined 
using reaction equilibrium constants [2] 
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where g is the Gibbs free energy of mixing, lnKeq is a row 
vector of logarithms of chemical equilibrium constants for r 
independent reactions, N is an invertible, square matrix formed 
from the stoichiometric coefficients of a set of reference 
components chosen from the r reactions, and nref is a column 
vector of moles of each of the reference components. The 
optimization problem is to minimize GK subject to  
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where ni,F is the initial moles of component i in the feed, vi  

is the row vector (of dimension r) of stoichiometric coefficients 
of component i in r reactions, and nij is the number of moles of 
component i in phase j. The constrained global optimization 

problem can be solved by minimizing GK with respect to c (  
1) + r decision variables nij. In this formulation, the mass 
balance equations are rearranged to reduce the number of 
decision variables of the optimization problem and to eliminate 
equality constraints. 

For interested readers, several references provide a detailed 
description of these thermodynamic calculations [2,4,6]. 
Previous work reported the evaluation of global optimization 
methods for solving twenty-four problems [5,6,8]. In this work, 
we focused on the nine most-difficult ones. The basis for the 
selection was the relatively lower success rates that 
optimization methods obtained when solving them in the 
previous studies. These problems are presented in Table I. 
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TABLE I.  DETAILS OF THE PHASE STABILITY, PHASE EQUILIBRIUM AND REACTIVE PHASE EQUILIBRIUM PROBLEMS USED IN THIS STUDY 

Code System Feed conditions Thermodynamic models Global optimum 

T7 
C1 + C2 + C3 + C4 + C5 + 

C6 + C7-16 + C17+ 

nF = (0.7212, 0.09205, 

0.04455, 0.03123, 0.01273, 

0.01361, 0.07215, 0.01248) 

at 353K and 38500kPa 

Phase stability problem with SRK 

EoS with classical mixing rules.  
-0.002688 

T8 
C1 + C2 + C3 + iC4 + C4 + 

iC5 + C5 + C6 + iC15 

nF = (0.614, 0.10259, 

0.04985, 0.008989, 0.02116, 

0.00722, 0.01187, 0.01435, 

0.16998) 

at 314K and 2010.288kPa 

Phase stability problem with SRK 

EoS with classical mixing rules.  
-1.486205 

T9 

C1 + C2 + C3 + C4 + C5 

+ C6 + C7 + C8 + C9 + 

C10 

nF = (0.6436, 0.0752, 

0.0474, 0.0412, 0.0297, 

0.0138, 0.0303, 0.0371, 

0.0415, 0.0402) 

at 435.35K and 19150kPa 

Phase stability problem with SRK 

EoS with classical mixing rules.  
-0.0000205 

G4 C1 + H2S 
nF = (0.9813, 0.0187) 

at 190K and 4053kPa 

Phase equilibrium problem with 

SRK EoS with classical mixing 

rules.  

-0.019892 

G6 C2 + C3 + C4 + C5 + C6 

nF = (0.401, 0.293, 0.199, 

0.0707, 0.0363) 

at 390K and 5583kPa 

Phase equilibrium problem with 

SRK EoS with classical mixing 

rules.  

-1.183653 

G7 
C1 + C2 + C3 + C4 + C5 + 

C6 + C7-16 + C17+ 

nF = (0.7212, 0.09205, 

0.04455, 0.03123, 0.01273, 

0.01361, 0.07215, 0.01248) 

at 353K and 38500kPa 

Phase equilibrium problem with 

SRK EoS with classical mixing 

rules.  

-0.838783 

G8 
C1 + C2 + C3 + iC4 + C4 + 

iC5 + C5 + C6 + iC15 

nF = (0.614, 0.10259, 

0.04985, 0.008989, 0.02116, 

0.00722, 0.01187, 0.01435, 

0.16998) 

at 314K and 2010.288kPa 

Phase equilibrium problem with 

SRK EoS with classical mixing 

rules.  

-0.769772 

R4 

A1+A2 ↔ A3+A4  

(1) Acetic acid         

(2) n-Butanol   

(3) Water  

(4) n-Butyl acetate 

nF = (0.3, 0.4, 0.3, 0.0) at 

298.15K and 101.325kPa 

Reactive phase equilibrium 

problem with UNIQUAC model 

and ideal gas.     

 lnKeq=450/T +0.8 

 

-1.10630 

R7 A1+A2 ↔ A3 
nF = (0.52, 0.48, 0.0) at 

323.15K and 101.325kPa 

Reactive phase equilibrium 

problem with Margules solution 

model. Keq = 3.5  

-0.653756 

D. Details of numerical implementation and performance 

metrics used for testing the algorithms 

All thermodynamic problems and the different optimization 
algorithms were coded in the MATLAB® technical computing 
environment. MAKHA was developed and coded by the 
authors The code for CS was obtained from MATLAB file 
exchange server as uploaded by their developers and used as is. 
Parameters were tuned using preliminary calculations and are 
shown in Table II. Each problem was solved 30 times 
independently and with different random initial seeds to 
determine the reliability of the optimization algorithms. 
Calculations were performed for a certain number of iterations 
and then stopped. This maximum value for the number of 
iterations was different for different algorithms. The maximum 

values were selected to give the same number of function 
evaluations at the end of the run.  

The methods were evaluated according to the reliability and 
efficiency for finding the global optimum.  The efficiency is 
determined by recording the number of function evaluations 
NFE for each optimization algorithm, where a low value of 
NFE means a higher efficiency. Note that NFE is an unbiased 
indicator of the computational costs required by a certain 
algorithm and is independent on the host hardware. In this 
work, we present a different reliability metric: a plot of the 
average best value against the number of function evaluations. 
The best values are averaged over all the runs and plotted 
against NFE, which is calculated at each iteration. Since the 
NFE needed for each iteration differ amongst the optimization 
methods, the plot of average best value against NFE is a good 
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indication of reliability versus efficiency of the optimization 
method.  

TABLE II.  PARAMETERS FOR THE STOCHASTIC METHODS 

Method 
Parameters 

Symbol Value 

MAKHA 

c 

d 

D
max 

Ct 

Vf 
Wf 

-1 

-1 

[0.001,0.02] 

0.5 

0.02 

0.1 

KHA 

D
max 

Ct 

Vf 

N
max 

wf 

wN 

0.8 

0.5 

0.02 
0.01 

[ 0.1,0.9] 
[ 0.1,0.9] 

MA 

a 

c 

d 

Nc 

0.00001 

-1 

1 

10 

CS p 0.25 

IV. RESULTS AND DISCUSSION 

The results are presented in two different ways. For each 
problem, the mean best values are plotted versus NFE for each 
of the four algorithms. Three of these plots, one for each 
problem category, are shown here as representatives of the 
results. The minimum NFE required to reach a certain 
tolerance from the known global minimum for each problem 
were calculated and presented in Table III. A detailed 
discussion of the results follows. 

A. Phase stability problems 

Problem T7 is a nine-variable phase-stability problem that 
is extremely difficult to solve. The means of the minimum 
values obtained by all methods were not close enough to the 
global minimum except for CS, which was able to find the 
global minimum down to a tolerance of 10

-7
. MAKHA 

outperformed both MA and KHA and was able to find the 
global minimum down to a tolerance of 10

-5
. Fig. 2 shows how 

the two original problems, MA and KHA, were trapped in a 
local minimum, and only MAKHA and CS, were able to reach 
the global minimum.  

Problem T8 is also a difficult phase-stability problem. KHA 
outperformed both MAKHA and CS in solving this problem 
down to a tolerance of 10

-5
. However, none of the algorithms 

was able to get closer to the global minimum within the total 
NFE run in our study, as illustrated by the NFE values of Table 
III.  

Problem T9 is the last of the three phase stability problems. 
Even though, KHA was again the most efficient algorithm 
down to a tolerance of 10-5 but it failed to go any further. 
MAKHA was more reliable down to 10-6 and CS was the most 
reliable to down to 10-7 tolerance level.  

For the phase stability problems, CS is clearly the most 
reliable method. It may not be as efficient in its initial approach 
to the global minimum as other methods but it outperforms the 
rest in terms of finding the global minimum. However, the 
hybridization of MA and KHA resulted in an improvement in 
reliability as MAKHA was more reliable than the two original 
algorithms.  

b) Phase equilibrium problems 

Problem G4 is a two-variable phase equilibrium problem 
that is relatively easy to solve. However, KHA seemed to have 
been trapped in a local minimum and was unable to find its 
global minimum, within a tolerance of 10

-5
, as shown in Figure 

3. MA performed better than KHA but it was inefficient and 
was unable to reach the global minimum at the 10

-7
 level. 

MAKHA and CS were reliable and efficient in solving this 
problem.  

Despite the fact that KHA was not able to solve adequately 
problem G4, it was superior in solving problem G6 down to 10

-

6
 tolerance level. It was not able to solve it any further to the 

end of the runs. Again, MAKHA and CS were more reliable in 
solving this problem. For Problem G7, MAKHA again was 
more reliable than the original two algorithms. G8, on the other 
hand, was the only problem that MAKHA was less reliable 
than KHA in its solution. MA was not able to reach the global 
minimum at any tolerance level. CS was the most reliable 
problem but less efficient than KHA. 

The convergence profiles of the four phase equilibrium 
problems (G4, G6, G7 and G8) indicated that CS is the most 
reliable of all algorithms as it was the only one to be able to 
solve all problems down to the 10

-7
 tolerance level. MAKHA 

has shown better reliability than the two original algorithms but 
less efficient than KHA at the higher tolerance levels.  

c) Reactive phase equilibrium problems 

Regardless of the number of variables, the reactive phase 
equilibrium problems are more difficult than the non-reactive 
phase equilibrium problems, because the chemical reaction 
equilibria constraints must be satisfied. Problem R4 was 
successfully solved down to the 10-5 tolerance level by CS, 
which was also able to converge to the global minimum at the 
10

-7
 level. MAKHA performed better than MA and KHA but 

all of them were not able to arrive even at a level of 10
-4

 from 
the global minimum.  

Problem R7 is a good indication of the significance of this 
study. Even though both MA and KHA failed completely in 
solving this problem, MAKHA was able to converge to the 
global minimum down to the 10

-7
 tolerance level. Its 

performance was similar to that of CS as shown in Figure 4.  

V.  CONCLUSIONS 

In this study, we have developed a hybrid optimization 
algorithm that combines feature from MA and KHA. The 
developed algorithm was used to solve nine difficult phase 
stability and phase equilibrium problems. Its performance was 
compared against the two original algorithms and CS, which is 
considered the most reliable algorithm for solving this type of 
problems. These thermodynamic problems were systematically 
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solved by the different metaheuristics and the results were 
tracked and compared. The results clearly show that MAKHA 
is more reliable than the original two algorithms. Even though 
CS is still the most reliable of all tested optimization methods, 
MAKHA’s performance was close second. 
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TABLE III.  MINIMUM NFE FOR THE AVERAGE BEST VALUE TO REACH 1E-3, 1E-4, 1E-5, 1E-6, AND 1E-7 FROM THE KNOWN GLOBAL MINIMUM

  Phase equilibrium thermodynamic problem 

Metaheuristic  T7 T8 T9 G4 G6 G7 G8 R4 R7 

MAKHA 

1E-3 34222 4336 602 61 302 482 94579 53152 21659 

1E-4 81217 91869 1505 61 453 6266 140649  56507 

1E-5 167495 148237 33712 1037 604 81458 168562  62799 

1E-6   140868 5002 1057 117126   64372 

1E-7    9150 52246    82159 

KHA 

1E-3  1000 302 41 152 242 1364   

1E-4  1364 706 41 305 1376 2365   

1E-5  2183 4847  509 48599 3184   

1E-6     917  5004   

1E-7       25843   

MA 

1E-3   82000 820 6150 13120    

1E-4   274700 820 12300     

1E-5    14760 22550     

1E-6    70520 38950     

1E-7          

CS 

1E-3 41120 17820 7400 120 1700 7840 21780 16100 11120 

1E-4 84000 35460 11400 120 3700 25440 45540 32700 20400 

1E-5 113760 60660 59400 1240 5100 54240 76860 52700 30640 

1E-6 135520  95400 2760 6900 96800 111060 71700 41200 

1E-7 157920  135000 4120 24700 144480 151740 90300 53040 

 

Fig. 2. The evolution of the mean best value calculated via the four metaheuristics versus NFE for problem T7 
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Fig. 3. The evolution of the mean best value calculated via the four metaheuristics versus NFE for problem G4 

 
Fig. 4. The evolution of the mean best value calculated via the four metaheuristics versus NFE for problem R7 
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Abstract-The Fluorinated polymer electrospun nanofiber films are an important class of hydrophobic 

nanomaterials which have the high surface energy and specific surface area. In this work the nanofibrous 

composite membrane sheets were prepared by the electrospinning of Polyvinylidenefluoride [PVDF]/graphene 

blend solution as the main precursor. Also, the comparative studies have been done with other synthesized 

simple and nanostructure films. Introducing hierarchical nanostructure in PVDF/Graphen nanocomposite 

films make theme highly hydrophobic. Wet-ability studies show that the superhydrophobicity with the water 

contact angle of about 160˚ could be achieved for PVDF/graphene, 1.00wt%, and electrospun nanocomposite 

film. 
Keywords: Hierarchical Nanostructure, Graphene/ PVDF, Superhydrophobicity 

 

I. INTRODUCTION 

 

In recent years a considerable amount of studies 

have been focused on the superhydrophobic and 

superoleophobic surfaces which have a water or 

oil contact angle greater than 150° [1]. This 

innovative subject has applications in wide areas 

such as Self-Cleaning and anti-sticking coating, 

Smart materials, Separation Science and etc. So, 

this remarkable property of extreme liquid wet 

ability has been widely applied in both 

fundamental research and practical applications 

[2]. Biomimetics have a great amount of 

inspiration to fabricate micro and nano-scale 

superhydrophobic surfaces. For example the 

investigation of naturally superhydrophobic 

materials lotus leaves demonstrated that the 

collaboration of low surface energy compound 

[chemical factor] and the combination of micro-

and nano-scaled surface structure [physical 

factor] are essential for superhydrophobicity [3, 

4]. In addition to this, artificial and synthetic 

superhydrophobicity could be achieved using 

various chemical and physical methods, 

especially in nano-scale dimensions. A variety of 

techniques such as plasma treatment, lithography, 

sol-gel technology, nanoparticle deposition on 

smooth or roughened substrates, fluoroalkylsilane 

coatings, and phase separation of a multi-

component mixture were used to fabricate 

superhydrophobic surfaces. These routes can 

generate superhydrophobic surfaces via either 

reducing the surface free energy of a rough 

surface or roughening a low surface energy 

material or a combination of both [5]. Porous 

polymer coating is a versatile approach to 

superhydrophobic surface. Fluorinated polymers 

with low surface energy are naturally 

hydrophobic, chemically and environmentally 

stable. So, they are the mostly-used materials to 

generate superhydrophobic surface, especially 

those porous fluorinated polymers [6-8]. 

Polyvinylidene fluoride [PVDF] which is one of 

the commonly used porous membrane materials, 

in many membrane separation processes such as 
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membrane distillation is inherently hydrophobic 

with water contact angle greater than 120°, but 

due to the dense skin-layer of PVDF membrane 

lowering of their surface roughness which result 

in decreases of water droplet contact angle. 

Therefore, application of nanostuctured materials 

such as carbon nanotubes [CNTs], Graphene and 

nanoparticles in modification of surface 

morphology of PVDF is the subject of interest to 

improving superhydrophobicity. Among these 

modifiers graphene has recently received 

increasing attention in producing of graphene-

polymer composites and also engineering of 

superhydrophobic surfaces due to its hydrophobic 

properties [9-11]. Favorable enhancement of 

mechanical, electrical, and thermal properties of 

polymers by compositing theme with small 

amount of graphene has been investigated in 

many nanocomposite related works [12-15]. 

Some works have been done in improving surface 

wet ability by using graphene and graphene oxide 

flakes [16]. This magic matter is hydrophobic due 

to high density of carbon atoms in its surface; so, 

in composition with polymer matrix it can 

increase the surface roughness which will 

significantly affect the superhydrophobicity of the 

polymers [17]. Electrospun nanofibers of PVDF 

have versatile In present study, we used 

electrospinning method to fabricate PVDF porous 

and hydrophobic membranes for application in 

separation processes such as membrane 

distillation. A great number of polymers and 

inorganic/polymer composites have been 

explored with the development of electrospinning 

technology [18-20] to exhibit excellent 

applications in various fields. The structures and 

morphologies of electrospun mats can be 

effectively controlled by plenty of factors 

including polymer type, concentration of 

solutions, environment parameters, and 

electrospinning conditions. Electrospinning is a 

predominant and promising technique to develop 

superhydrophobic surfaces from some polymers 

with low surface energies. In recent years, several 

types of superhydrophobic surfaces, produced by 

electrospinning PVDF, have been reported in the 

literature [21-23]. Therefore, it will be a good 

task to obtain a kind of durable self-cleaning 

membrane with PVDF/graphene electrospun 

nanocomposite thin layers coated on the surface 

of polypropylene[PP] substrate using 

electrospinning. By using this technique, we can 

affectively prohibit the formation of skin-layer on 

dried polymer surface which has undesirable 

impact on hydrophobicity. The morphology 

characterization by Field-Emission Scanning 

Electron Microscopy [FE-SEM] confirmed that 

these porous materials are homogeneous without 

skin-layer. 

PVDF and its hybrid with graphene porous 

materials were characterized by FE-SEM, FT-IR, 

micro-Raman spectroscopy, and contact angle of 

water. It was observed that the addition of 

graphene [1.00 wt%] showed clear influences on 

the crystallization, morphology, surface area, wet 

ability, and other properties of PVDF. 

II.  Experimental: materials &methods 

A.  Materials 

Poly[vinylidene fluoride] [PVDF, MW=400,000–

600,000] was purchased from Sigma-Aldrich 

Chemical Co. USA., and was dried at 50˚C under  

 

 

 

 

vacuum for at least 1day. Polypropylene porous 

sheets were prepared from Iran-membrane Co 

Iran. N, N-Dimetyl acetamide [DMAc] and 
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Acetone, from Sigma, were used as main solvents 

for preparation of polymer solutions. The dope 

solution was prepared by a mixture of acetone 

and DMAc. 

Lithium chloride [LiCl] as an additive in electro-

spun dope solutions was obtained from Merck, 

and used without any purification. 

Graphene Powder was synthesized with chemical 

method in our laboratory and was used with some 

pretreatments for modification of its surface. 

Graphite powder, natural was purchased from 

Daejung Chemicals & Metals Co., LTD, NaNO3 

and KMnO4 with analytical grade and 98% 

H2SO4, 30% H2O2, 5% HCl, methanol, hydrazine 

hydrate aqueous solution were purchased from 

Merck. 

All reagents were used as received or kept in 

good condition; so, any change in their properties 

is not valid. Double distilled water was purified 

with a deionizer resin and was used as a leaching 

solvent and also in sample preparation. 

B. Graphene Preparation 

Graphite oxide was synthesized from graphite 

based on the Hummers method [24]. 2 g graphite 

powder and 1 g NaNO3 were mixed with 46 mL 

98% H2SO4 in an ice bath. KMnO4 [6 g] was 

added gradually while stirring and slowly to avoid 

the temperature reaching 20°C. The mixture was 

then kept at 35°C for 6 h and diluted with distilled 

water [92 mL]. Due to increase of oxidation, the 

temperature of the water bath increase to 98°C for 

15 min. The suspension treated with water [280 

mL] and H2O2 [30%, 6 mL]. After which the 

color of the mixture change to bright-yellow. 

Finally, the mixture was separated and washed 

several times with HCl [5%] and water for 

removing sulfate chloride ions, respectively. The 

GO filtrated by a medium fritted glass funnel, and 

dried 24 h in an oven at 60°C.  

For producing graphene with reduction by 

hydrazine hydrate, GO [300 mg] was mixed with 

water [100 mL], and then the inhomogeneous 

suspension was sonicated with ultrasonic 

[Hielscher, UP400S, Germany] until it became 

clear with no particles. Then hydrazine hydrate [1 

mL] was added and the solution was refluxed in 

an oil bath at 100°C for 24 h. This product was 

filtrated over a medium fritted glass funnel, 

washed several times with distilled water and 

methanol, and dried on the funnel for 24 hr. 

C. Membrane Preparation 

A 10wt% PVDF polymer dope solution for 

electro-spinning was prepared by dissolving a 

pre-weighted PVDF in a mixture of DMAc and 

acetone with a weight ratio of 6 to 4[60/40 wt%]. 

A desired amount of LiCl [0.002 wt%] was added 

into the dope solution to improve dope electro-

spin ability, optimize the nanofiber membrane’s 

porosity and control membrane pore sizes. The 

dope solution was kept at 50˚C under agitation for 

about 4 h until it was totally dissolved. Modified 

graphene was added to the mixed solution in 

appropriate amounts [1.50, 1.00, 0.50, 0.01, 0.03 

and 0.00 wt%] then the colloidal solution was 

sonicated at 50˚C for 10 hours. The homogenous 

dope solution was then cooled down and degassed 

at room temperature for overnight before electro-

spinning. The viscosity of solution was relatively 

increased regarding to solution temperature 

reducing to the room temperature [25˚C] although 

reluctantly evaporating of the solvent during the 

sonifcation. 

Electrospinning is used for the formation of micro 

and nanofibers through an electrically charged 

spinner of the PVDF/graphene polymer solution. 

The prepared polymer/graphene solution was 

electrospun into electrospun nanofiber webs using 

an electro-spinning setup which schematically is 

205



shown in Fig. 1. This setup was equipped with a 

high voltage supply and two electrospinning 

needles with different inner diameters [300 and 

600 micrometer]. A positive voltage of 18 kV was 

applied across a distance of 10cm between the 

needles and the grounded drum which was 

rotating in 500 rounds per minute [RPM]. For 

increasing of the spinning throughput we used 

two perpendicular syringe pumps which were 

connected to scanners for scanning along the 

drum and producing much more homogenous 

films; therefore, the spinning sprayer may be 

moved slowly and smoothly by a motor during 

electro-spinning. The difference between the 

diameters of spinning needles facilitated the 

preparation of novel nanofibrous membranes that 

contain simultaneously nanofibers and 

microfibers. 

The syringes injection rate was 15 ml/h and then 

nanofibers were spun over a course of 2h to 

prepare continuous fibrous films. For fabrication 

of electrospun nanocomposite thin layer on the 

polypropylene[PP] surface and also easy 

separating of the performed film from the drum 

surface without any destruction, the drum surface 

was covered with the PP porous sheet with 

100µm thickness and the electrospinning was 

performed on it. The PP applied as a support in 

order to for eliminating the affect from residual 

solvents in the membrane, the produced PVDF 

nanofiber films were subsequently placed in a 

fume cup board under vacuum condition at 60˚C 

for overnight to ensure all solvents evaporated 

from the fresh membranes. For increasing the 

structural integrity of the as-spun nanofibrous 

membrane, post-heat treatment was carried out at 

100˚C for 5 h. After that, the treated 

PVDF/Graphene Nanocomposite films were 

ready to use for our aim in membrane distillation 

and other separation purposes. As mentioned, the 

characterization of the synthesized membrane in 

some properties such as hydrophobicity and 

Mechanical strength showed some novelty that 

worth to be reported in this paper. 

D. Method and measurements 

Contact angles for investigating the wet ability 

and hydrophobicity of the prepared films were 

obtained. Water contact angle of the electrospun 

membranes were measured using the sessile drop 

method by a gonio-meter Data-Physics OCA 20 

[Germany] at room temperature. A 2 µL water 

droplet was used in the measurement. More than 

5 measurements on different locations were 

conducted for each sample. 

Electrospinning is used for the formation of micro 

and nanofibers through an electrically charged 

spinner of the PVDF/graphene polymer solution. 

The prepared polymer/graphene solution was 

electrospun into electrospun nanofiber webs using 

an electro-spinning setup which schematically is 

shown in Fig. 1.  The corresponding details about 

this  method  represented  in previous section. 

III.     RESULTS AND DISCUSION 

A.  Effects of graphene on PVDF nanofibers 

morphology 

PVDF and PVDF/graphene nanofibers were 

successfully fabricated in the laboratory. Fig.  

shows the morphology of the synthesized 

electrospun nanofibers and synthesized graphene 

and GO. The SEM photographs demonstrated that 

addition of graphene in the PVDF precursor 

solution influence the nanofiber morphology. The 

diameter of the nanofibers was increased in the 

presence of graphene. With the increase of the 

weight ratio of graphene in the mixed 

PVDF/DMAc/acetone solution, the diameter of 

the fibers was increased as well. Optimized 
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electrospinning parameters were applied in the 

nanofiber synthesis, and then we ignore other 

usual factors in the process. Therefore, the 

fabrication condition were chosen at the 10 wt% 

PVDF concentration with the ratio of 

DMAc/acetone=3/2 and the average diameter for 

the PVDF nanofibers is about 150 nm. 

Although, the amount of graphene in the 

precursor electrospun solution is so little 

[<1.00%]; but, it significantly influence the 

PVDF nanofiber morphology. From the SEM 

images the nanofibers surface morphologies for 

PVDF/graphene nanocomposite are obviously 

different from PVDF nanofibers. It seems that 

graphene flakes improve the crystallization 

process in the formation of PVDF nanofibers. The 

surface of PVDF/graphene nanofibers is harsher 

than PVDF nanofibers which directly affect wet 

ability properties of theme. 

Previous studies in the case of non-solvent effect 

on morphology of pure PVDF and 

PVDF/graphene composite films which are 

prepared via phase inversion method
 
[8]. SEM 

images from PVDF/graphene electrospun films 

and pure PVDF electrospun films, Fig.  and Fig.  

indicate that web like nanoporous structure is 

achievable in both cases; but, the nanofibers 

strength in the case of PVDF/graphene is greater 

than pure PVDF. So, the three dimensional 

porous PVDF/graphene electrospun films could 

be produced without any breaking in nanofibers 

PVDF nanofibers. Although, these films as could 

be seen in SEM images are thin and the diameter 

of the fibers are about 50nm. But, for 

PVDF/graphene nanofibers in the same 

electrospinning conditions the accessible diameter 

is greater than 70 nm. On the other hand, the 

thicker PVDF/graphene nanofibers cause to 

effectiveness of their nanostructuerd morphology 

which these nonporous structure could trap the air 

inside properly when the surface make contact 

with water drops, this enforce the upward micro-

pressures which strengthening the 

hydrophobicity. In addition, the nanostructure 

morphology of the produced fibers affects the wet 

ability of the porous film. This is schematically 

shown in Fig.  and has been discussed in the next 

section. Another observation is about the 

PVDF/graphene self-cleaning effect especially in 

the case of dust adsorption and desorption. As the 

result of graphene existence in the polymer 

matrix, the prepared nonofiber nanocomposite 

films could posses the permanent surface charge 

which obstacle the dust adsorption by giving the 

same charge to it. In our next work, we want to 

investigate this mechanism in more details have 

cellular nanostructure, where the existence of 

graphene in PVDF/graphene nanocomposite 

changes the morphology to assemble of 

nanospheres with a diameter about 250 nm [9-

11]. On the basis of previous studies, the 

morphology of the PVDF film is depended to its 

formation mechanisms. Due to the good affinity 

of PVDF to carbon surface like graphene sheets 

the immobilization of PVDF chains on graphene 

sheets take place which work as crystallization 

nuclei. Previous studies also observed a similar 

phenomenon in composites with PVDF, carbon 

nanomaterials, such as carbon nanotubes, have 

strong impacts on crystallization of PVDF [12]. 

Graphene improve not only the morphology of 

the synthesized membrane but also its addition 

affect the pore size and surface area of the 

membrane. The PVDF/graphene hybrid 

membranes have slightly large pore-size and 

surface area in comparison with pure PVDF 

porous materials. Fig.  shows the high definition 

SEM images for prepared PVDF/graphene 

electrospun membrane, as we could see different 

size of nano and micro fibers are presented in the 

207



structure. This is because of using two needles 

with different inner diameter in electrospinning 

method. This property increases the mechanical 

strength of prepared membranes and also 

promotes the membrane properties like porosity, 

hydrophobicity, and etc. 

B . PVDF chains intercalating between graphene 

layers 

The main problem in the preparation of 

PVDF/graphen nanocomposite electrospun fibers 

is the segregation of graphene from the bulk 

phase in the solution and in the nanofibers as 

well. For better interaction between graphene and 

polymer matrix, due to the electrospinning of the 

blend solution and preparation of nanostructured 

film that significantly increase the specific 

surface area,[SSA~600m
2
/g] and reducing the 

PVDF/graphene adhesion forces, chemical 

modification and functioning of the graphene 

surface for boosting the covalent interaction 

between theme is inevitable. For these reasons 

graphene powder functionalized with carboxylic 

groups for enhancing hydrogen bonding between 

fluorine of PVDF polymer chain and hydrogen of 

hydroxyl group. In addition, by hydroxylation of 

graphene sheets the formation of electrostatic as 

well as covalent bonding could be possible; so, 

the segregations and the separation of graphene 

sheets from nanofiberous PVDF matrix impact of 

chemical or mechanical factors [30]. 

Comprehensive reviews on the preparation of 

dispersion of graphene oxide platelets and 

reduced graphene oxide platelets, made from GO, 

have recently appeared [31,32]. 

In harsh acidic environment [HNO3/ H2SO4, 

50/50 and HCLO4], with vigorous mixing the 

graphene sheets were oxidized to graphene oxide 

[GO]. The C-O and C-OH bonds form on the 

surface and edges of the sheets where the 

dangling C-C bonds exist that increase the surface 

energy and produce the versatile places for 

oxidizing and reducing. Fig.  shows a proposed 

structure of graphene oxide [33,34]. 

FT-IR studies prove the formation of hydroxyls 

and oxides on the graphene sheets. Graphene 

modified [GM]-PVDF mono-dispersed solution 

during the sonification undergoes to coagulation 

and producing the viscose gel solution 

polymerized of PVDF and intercalated between 

graphene layers. Polymerization and formation of 

long PVDF change inside the space between the 

graphene flakes effectively and the distance 

between layers which these are obviously could 

be confirmed from the increasing of Raman shift 

in micro Raman spectra [Fig.8] [35,36]. 

Prepared graphene powder was oxidized then 

mixed in appropriate amounts with the polymer 

solution [PVDF, 10%wt in DMAc/acetone 

60/40]. The homogenous suspensions with 1.00, 

0.05, 0.02 and 0.005% wt of PVDF/graphene 

were prepared and after sonification and thermal 

treatment the viscosity of the solution get suitable 

to electrospinning. The polymerization of the 

PVDF during the gradually solvent vaporization 

take place; so, the long polymer chains of the 

PVDF form which entering inside the graphene 

platelets and cause to increasing in the distance 

between graphene layers, even force them to 

separate from each other. This process is 

schematically shown in the Fig.  in which the 

intercalating and expanding of the graphene 

platelets with formation of long polymer chains 

among them is pointed out. 

Micro Raman spectroscopy studying confirms 

this by increasing in Raman shift. The most 

prominent feature in the Raman spectrum of 

graphene is the 2D peak, and its position and 

shape can be used to clearly distinguish between 

single-layer, bilayer, and few-layer graphene. The 
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change in the shape and position of the 2D pick in 

a used graphene that contains about 7-10 layers in 

result of polymer intercalating into layers could 

be seen in Fig. . 

C.   Hydrophobicity testing 

Our main purpose from surface engineering to 

improve hydrophobicity is to fabricate novel 

superhydrophope membranes that are applicable 

in membrane separation processes. The surface 

hydrophobicity of membranes plays an essential 

role in membrane distillation [MD] process which 

we using it as one of the main separation methods 

in the Lab. As mentioned the higher 

hydrophobicity of membranes can induce the 

higher entry pressure of water, consequently 

higher rejection coefficient and permeate flux 

may be obtained [13]. In general, the 

hydrophobicity is evaluated by water contact 

angle, and higher hydrophobic membranes 

exhibits larger contact angle. The contact angle 

images of nanofibrous membranes were shown in 

Fig. . 

As introduced, fluoropolymers usually exhibit 

low surface energy, which may be attributed to 

intensive electronegative characteristics of 

fluorine element. Thus its attractive force to other 

substances is weak [3]. So, due to its fluorinated 

composition, the PVDF membrane naturally 

shows a high water contact angle more than 100˚ 

up to 130˚, which indicating a hydrophobicity. 

For those PVDF membranes which were 

fabricated via phase inversion method the contact 

angle measurement shows the value of about 

100˚, Fig 4.a, but the contact angle of 128˚ is also 

reported, anyway it is depended to the phase 

inversion synthesizing method and the achieved 

morphology of the films. Compositing of the 

PVDF with modifiers like graphene, affect 

significantly its properties. Hydrophobicity is also 

improved by adding the graphene to polymer 

matrix that the contact angles of the 

nanocomposite PVDF membranes were changed 

in comparison with the pure PVDF membrane. 

The contact angle measurement for the phase 

inversion synthesized PVDF/graphene membrane 

shows the hydrophobicity of about 120˚, Fig 4. b. 

Using electrospinning for preparation of 

membranes significantly influences the film wet 

ability, where the water contact angle for the 

nanofibrous PVDF membranes is about 150˚. 

Change in hydrophobicity suggesting that the 

incorporation of graphene did significantly affect 

the morphology and surface properties of 

nanofibers. 

The SEM images of each tested membrane are 

also represented under the related contact angle 

image in. The schematic representation above the 

Fig. 4 shows that how various surface structure 

influenced the hydrophobicity, as we see the 

nanofiber structure with large surface energy and 

area have larger water contact angle in 

comparison with flat PVDF film and 

PVDF/graphene nanocomposite flat film. On the 

other hand, adding a little graphene to the PVDF 

precursor electrospun blend enhance the water 

contact angle significantly where for the 1.00wt% 

of PVDF/graphene electrospun film we could 

achieve the superhydrophobicity with the water 

contact angle of 160˚. Because the amount of 

used graphene is small, it seems that the 

developed method is economic for achieving to 

the superhydrophobicity. 

IV.     CONCLUSION 

In this work, superhydrophobic PVDF/graphene 

nanofibrous composite membranes were prepared 

by electrospinning of the homogenous solution of 

polyvinyldinefluoride mixed with proper amounts 

of modified graphene on the surface of 
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polypropylene[PP] porous and thin sheet. 

Hydroxilated graphene sheets make strong 

hydrogen bonds with PVDF polymer chains and 

intercalating of the polymer chains between the 

graphene layers during the polymerization 

process, significantly enhance the desired chemo-

physical properties of prepared nanocomposite 

membranes. 

Also, it was observed that addition a little amount 

of graphene into PVDF polymer improved its 

properties such as hydrophobicity and mechanical 

strength. Electrospinning of PVDF/graphene 

solution to convert it into nanofiber web 

structured films, increase the surface area which 

clearly influence the superhydrophobicity of the 

produced films by increasing the contact angle up 

to 160˚. It is resulted that using electrospinning 

method for preparation of PVDF/graphene porous 

materials extremely limits the formation of dense 

skin-layer on top of materials and enhances the 

specific surface area of both PVDF and 

PVDF/graphene porous materials. Furthermore, 

the addition of graphene in PVDF/acetone-DMAc 

solution influences the crystallization of PVDF 

during the solvent elimination via electrospinning 

and synthesizing of nanofibers. In addition, 

micro-Raman studies perform this claim [14]. 

Crystallization causes morphological change from 

micro-arrangement to nanostructured and 

nanospherical morphology. This change in 

morphology increases the porosity and roughness 

of the surface which induces the more air trapping 

when water droplets lies on it. It seems that this is 

the main reason for the increasing in apparent 

contact angle. By converting these materials to 

electrospun nanofibers, an increasing in surface 

specific area and porosity which affects the 

superhydrophobicity observed. The obtained 

contact angle for PVDF none-fibrous film is 

about 125˚and for PVDF nanofibrous 

electrospun-nanocomposite films [without 

graphene addition] are about 150˚, where for the 

1.00 wt% of PVDF/graphene nanofibrous 

composite films this value is greater than 160˚. 

This higher hydrophobicity is because of 

hierarchical nanostructure that introduced into 

nanofibrous film surface using graphene  as 

nanocompositing material. 
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List of Symbols 

 

Symbol Definition Unit 

J AG-VMD permeate flux kg/m
2
h 

M Total permeation kg 

A Total permeation area m
2
 

t Total permeation time h 

ε Porosity % 

W Weight of membrane G 

D Density Kg/m
3
 

γ Surface tension  

θ Wetting angle Degree 

   Corresponding pressure kPa 

R Pore radius m 

Mw Molecular weight g/mole 

 

 

 

 
Fig. 1 Schematics of the used Electrospinning setup for producing of the electrospun nano- fibrous films. 
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a] PVDF/graphen nano fibrous film  

 
 

b] PVDF nano fibrous film  

 
 

c] PVDF flat membrane  

  

d] Graphene GO 
Fig. 2 FE-SEM images of the various prepared films. a] Electrospun nanofibrous PVDF/graphene 

1.00wt% membrane b] pure PVDF nanofibrous membrane c] PVDF nonporous flat membrane d] 

Graphene and GO. 
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Fig. 3 FE-SEM photographs of produces PVDF/graphene nano fibrous membrane with mass ratio of 

100:1, the micro and nano fibers simultaneously presence in the membrane structure. 
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a] 

 
b] 

 
c] 

 
Fig. 4 Hydrophobicity test images: Schematic of the surface structure effect on the contact angle and wetability 

[a]. Contact angle measurements and resulted images and angles [b]. SEM images of related membranes [c]. Left 

to right respectively: Flat sheet PVDF membrane synthesized using phase inversion. PVDF/graphene flat 

nanocomposite membrane. PVDF nanfibrous membrane. PVDF/graphene nanofibrous membrane. 
 

 
Fig. 5 Schematic of graphene oxidation and graphene oxide [GO], production with hydroxyl groups on 
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Fig. 6 PVDF/Graphene [1.00wt%] nanofibrous film[a] and pure graphene[ Microraman spectra: 

PVDF/graphene nanfibrous film [red], pure used graphene[green]. 

 

 

 

 
Fig. 7 PVDF polymer chain formation among the graphene layers: [a] intercalating and [b] expanding of 

graphene layers from each other. 
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Fig. 8 FT-IR spectra of PVDF/Graphene [1.00wt%] nanofibers[up] and pure PVDF nanofibers[down]. 
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Abstract— In the present article, the effect of graphene chain 

grafting on the mechanical properties of low density polyethylene 

(LDPE) nano-composites containing nanographite has been studied. 

Various graphite modified fillers was produced. Graphite oxide (GO) 

was produced by employing the modified Hummers method. Then 

amine functionalized graphite oxide (FGO) was prepared through 

amino-functionalization of GO by ethylene diamine. GO was reduced 

thermally to produce thermally expanded graphite oxide (TEGO) and 

was amine-functionalized to obtain amine functionalized nano-

graphite (FNG). All the fillers were used to prepare LDPE 

nanocomposites by solution mixing in xylene. The mechanical 

properties of the nano-composites were measured and FTIR analysis 

was used to investigate the chemical changes in the fillers and the 

nanocomposites. The FTIR results showed that with the 

incorporation of amino-functionalized graphene sheets into 

polyethylene-grafted-maleic anhydride (PE-g-MA), the amine groups 

of graphene surface and maleic anhydride groups of PE-g-MA chains 

react and introduce covalent bonds between the sheets and polymer. 

The results of mechanical properties measurements showed 

significant improvement in elongation at break for the composites 

containing amine modified fillers. PE-g-MA/FGO(1wt%) showed a 

155 percent enhancement in elongation at break when compared with 

PE-g-MA/GO(1wt%). The modulus and tensile strength of both 

nanocomposites increased in regards to those of the pure matrix. A 

ratio of 0.40 to 0.60 for PE-g-MA to LDPE resulted in the highest 

mechanical properties for LDPE/PE-g-MA/FGO(1wt%) 

nanocomposites. 

Keywords— Nano-composite, Grafting, Graphene, Graphite 

Oxide, Amino-functionalized, Polyethylene, Mechanical Properties 

I.  INTRODUCTION 

Low density polyethylene (LDPE) is known as a 
commercial polyolefin in the world since it is cost-effective and 
shows pristine properties such as toughness, flexibility, low 
density, etc [1]. Recently, graphene and its derivatives are 
considered as an interesting new class of reinforcing nano-
scale carbon material with many unique and fascinating 
properties such as electrical conductivity of 7200 S/cm Young’s 
modulus of 1 TPa [2-3]. However as a common challenge it is 
difficult to achieve good distribution and dispersion of 
nanofiller in polymer matrix and a good interface adhesion 
between matrix and nanofiller. The objective of this work is to 
deal with these challenges by grafting grapheme particles onto 
polymer chains and use it as a modified nanofiller in the 
matrix.  

II. EXPERIMENTAL 

The graphene layers in graphite have strong cohesive 
force; hence it is difficult to exfoliate these graphene sheets 
[4]. For exfoliation of graphite, graphite oxide (GO) was 
synthesized from graphite by using modified Hummers 
methods. In this approach, sulfuric acid (H2SO4), sodium 
nitrate (NaNO3) and potassium permanganate (KMnO4) were 
used as oxidation agent to oxidize graphene surface and obtain 
graphite oxide (GO) [5]. Then, GO was exfoliated by rapid 
heating at 950 °C for 45 seconds [3] to prepare thermally 
expanded graphite oxide (TEGO). RGO was obtained through 
chemical reduction of GO with hydrazine. 

Amino-functionalization of TEGO was carried out by using 
ethylene diamine and the product was named functionalized 
nanographite (FNG). In order to produce filler with more 
amine groups on its surface, amino-functionalization of 
graphite oxide was performed, directly. The obtained filler was 
named functionalized graphite oxide (FGO). Amine groups on 
the surface of FNG and FGO can react with functional groups 
such as maleic anhydride of PE-g-MA chains.  

The obtained fillers were mixed with LDPE and PE-g-MA 
and their blend by solution mixing in xylene. The blend of 
LDPE and 10wt% LDPE-g-MA was named LDM and its nano-
composites with TEGO and FNG was named LDMTEGO and 
LDMFNG. Also, MA indicates LDPE-g-MA. The numbers in 
front of the names show the content of the fillers. 

III. RESULTS AND DISCUSSION 

Fig. 1 shows FTIR spectra of GO and FGO. As shown in 
the figure peaks at 3185 cm

-1
 and 1543 cm

-1
 refer to N-H 

stretching and bending vibration, respectively. Also, peaks at 
1458 cm

-1
 (C-N stretching) and 2924 cm

-1
 (C-H stretching in 

ethylene diamine on the FGO surface) confirm the reaction 
between ethylene diamine and carboxyl groups on the GO 
surface. The peak at 1641 cm

-1
 also indicates amide linkage. 

The SEM images of the fillers are shown in Fig. 2. The 
thermal reduction and amino-functionalization of GO break 
down the size of graphite particles. However, their aspect ratio 
increases due to the exfoliation of graphite layers. 
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Fig. 1. FTIR spectra of (a)Graphite, (b)EG, (c)GO, (d)RGO, (e)TEGO and 

(f)FNG 

 
Fig. 2. SEM images of (a,b) GO, (c,d) RGO, (e,f) TEGO and (g,h) FNG 

Tensile test was used in order to investigate the effect of 
grafting of graphene sheets to polyethylene. The tensile 
properties of LDMTEGO and LDMFNG nano-composites are 
compared in Fig. 3. It was found that elastic modulus of 
LDMTEGO nano-composites films increases by adding  TEGO 
while its elongation at break decreases. Addition of 1 wt% 

TEGO to LDM leads to an increase of 56% in elastic modulus 
and a decrease of 72% in elongation at break.  

LDMFNG nano-composites exhibit the behavior similar to 
LDMTEGO nano-composites with the exception of elongation 
at break at 2 wt% as shown in Fig. 3. It is referred to a 
competition between filler agglomeration and filler-polymer 
interaction. FNG filler can create covalent bond with maleic 
anhydride groups on the polyethylene chains and make strong 
filler-polymer interaction, thus, to increase FNG loading, it is 
needed to increase the amount of filler-polymer linkages. On 
the other side, filler agglomeration occurs by increasing FNG 
content. At 2wt% FNG, filler-polymer interaction overcomes 
filler agglomeration. Conversely at 3wt% filler agglomeration 
is more affective.  

 
Fig. 3. Comparing elastic modulus (left) and elongation at break (right) of 

(a) LDMTEGO and (b) LDMFNG nano-composites 

A new experiment was designed in order to highlight the 
effect of filler chain grafting on the mechanical properties. 
MATEGO-2 and MAFNG-2 were produced with the purpose of 
increasing covalent filler-polymer interaction and then their 
tensile properties were compared. Tab. 1 shows the tensile 
properties of neat LDPE-g-MA (MA) and its nano-composites 
with 2wt% TEGO and FNG. As shown in Tab. 1, elongation at 
break and tensile strength improved significantly due to 
improved filler-polymer interaction. It is very interesting to 
note that all the tensile properties are considerably greater 
than neat LDPE-g-MA. The elongation at break 100%, tensile 
strength 45% and elastic modulus about 30% were improved 
by creating the covalent bond between fillers and PE-g-MA 
matrix. These results indicate the important role of filler-
polymer interaction on the mechanical properties of the nano-
composites. 

 

TABLE 1- The tensile parameters of LDPE-g-MA and its nano-

composites with TEGO and FNG 

 
Elastic 

Modulus 

(MPa) 

Tensile 

Strength 

(MPa) 

Elongation at 

Break (%) 

LDPE-g-MA 74 ± 2 6.9 ± 0.5 88 ± 14 

LDPE-g-

MA+2%FNG 
90 ± 1 9.9 ± 1.2 177 ± 12 

LDPE-g-

MA+2%TEGO 
126 ± 6 7.6 ± 1.0 61 ± 7 

 
The other method to increase the number of covalent bonds 

between filler and polymer is direct amino-functionalization of 
GO. GO was used without reduction to have access to many 
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oxygen-containing groups and carboxyl groups especially on 
the GO surface. Functionalize graphite oxide (FGO) was 
obtained by Amino-functionalization of GO. So, the number of 
ethylene diamine groups on the surface of FGO is much more 
than that of FNG. Hence, it is expected that FGO nano-
composite benefit from much more covalent bonds between 
polymer chains and filler particles than FNG nano-composites. 
The maximum grafting occurs in PE-g-MA/FGO (MAFGO)  
nano-composites. Although the number of amine groups on the 
surface of FGO is more than FNG, but the degree of 
exfoliation in FGO is much less than FNG. 

The results of tensile tests for MA, MAGO and MAFGO 
nano-composites containing of 1wt% filler have been shown in 
Fig. 4Error! Reference source not found.. MAFGO-1 shows 
higher elongation at break when compared with MAGO-1 
which is equal to 155% increase in elongation at break by 
grafting filler to polymer chains.  

 

Fig. 4. Elastic modulus and elongation at break of LDPE-g-MA and its nano-

composites with GO and FGO 

Many articles have reported a decrease in elongation at 
break by addition of graphene derivative fillers to polymers. 
This has been reported for polycarbonate/graphene [6], 
polystyrene/graphene [7], LLDPE/graphene [8], 
EVA/functionalized-graphene [9] and etc. But present article 
shows an enhancement in elongation at break, tensile strength 
and elastic modulus simultaneously which is an outcome of 
improvement in polymer-filler interaction.  In a similar work, 
Yadav et. al. indicated an increase in elongation at break in 
covalently bonded polyurethane-graphene nanocomposites as 
compared to the non-bonded nanocomposites however the 
elongation at break of the nanocomposites was lower than that 
of the  neat matrix [10].  

Finally, LDPE nano-composites with 1wt% FGO and 
varying amount of LDPE-g-MA were prepared to investigate 
the effect of LDPE-g-MA content on mechanical properties. As 
seen in Fig. 5 an optimum ratio of 0.4 to 0.6 for LDPE-g-MA to 
LDPE is suitable to reach the highest elongation at break for 
the nanocomposites. 

 
Fig. 5. LDPE nano-composites with 1%wt FGO and 10, 40, 70, 100% 

LDPE-g-MA content 

 

IV. CONCLUSION 

Polyethylene chains were grafted onto graphene surface to 
obtain modified nanographite filler. A significant improvement 
in mechanical properties of polyethylene/nanographite was 
observed by using the modified fillers. Elongation at break, 
tensile strength and elastic modulus of PE-g-
MA/nanographite(1wt%) composites increased by 100%, 45% 
and 30% respectively by using chain grafted graphene sheets. 
Also PE-g-MA/FGO(1wt%) showed an increase of 155 percent 
in elongation at break when compared with PE-g-
MA/GO(1wt%). The observed improvements are due to the 
presence of covalent bonds created between graphene surface 
and polymer chains. The modulus and tensile strength of both 
nano-composites increased as compared to those of the pure 
matrix. An optimum ratio of 0.40 to 0.60 for PE-g-MA to LDPE 
was found to reach the highest mechanical properties in 
LDPE/PE-g-MA/FGO(1wt%) nano-composites. The higher 
mechanical properties of polymer/nanographite composite 
than the original matrix is a unique and innovative outcome of 
this work. 
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Abstract— Graphite nanosheets (GNSs) are considered as highly 

prospective filler materials for future polymer composites due to their 

high aspect ratio and superior electrical and thermal conductivity. 

We investigated the effect of GNSs on electrical properties and 

polymerization shrinkage of unsaturated polyester (UP) resin. A 

solution of polystyrene (PS) in styrene was used as low 

profile/shrinkage additive (LPA).  The results of X-Ray diffraction 

analysis)XRD( and transmission electron micrographs )TEM(, 

clearly showed a well distribution and delamination of GNS particles 

in the matrix. The high aspect ratio and surface area of the 

nanoparticles were confirmed by scanning electron microscopy 

)SEM( images. Accordingly a low percolation threshold of 0.7 wt.%  

was obtained for  the nanocomposites. Differential scanning 

calorimetry (DSC) analysis revealed an accelerating effect of GNS 

on the curing of polyester compounds curing and showed an increase 

in the glass transition of the cured resin. The presence of 2.5 phr 

GNS in UP/LPA compounds helped to reduce polymerization 

shrinkage by 16%. In this regard, it has been shown that GNSs 

increase the rate of curing of UP/LPA resin. 

Keywords— unsaturated polyester resin; Graphite nanosheets; 

polymerization shrinkage; electrical properties; Curing Behaviour  

I.  INTRODUCTION  

The discovery of polymer nanocomposites by Toyota 

research group opened a new dimension in the field of 

materials science. In particular, the use of nanomaterials as 

fillers in the preparation of polymer composites has attracted 

increasing interest owing to their unique properties and 

numerous potential applications in automotive, aerospace, 

construction and electronic industries [1]. Graphite flakes have 

been known as host materials for intercalated compounds. By 

applying rapid heating, some of the graphite-intercalated 

compounds (GICs) expand and a significant increase in 

volume takes place. This worm-like accordions with low 

density and high temperature resistance is known as exfoliated 

or expanded graphite (EG). EG is composed of stacks of 

nanosheets that may vary from 100 to 400 nm. Ultrasonication 

of  EG in solvents is usually adopted to obtain thinner GNSs 

(30–80 nm), which can be dispersed further by high speed 

shearing in the presence of a polymer matrix [2].  

Unsaturated polyester resin is one of the most successful 

materials used to fabricate polymer composites. The major 

problem of unsaturated polyester resin is its high 

polymerization shrinkage of approximately 7-10  vol. % . The 

high degree of shrinkage causes problems such as poor surface 

appearance, poor dimension accuracy for molded parts, 

internal cracks and voids in thick sections  . One approach to 

solve this problem is to use 7 to 20 wt. % of  certain types of 

thermoplastics such as polystyrene [3] , the so-called low 

profile/shrinkage additives, in the resin formulation.. The 

objective of this work is to use GNS as conductive filler in UP 

resin and investigate its effect on mechanical properties, glass 

transition temperature, shrinkage and curing rate. 

II. MATERIALS AND EXPERIMENTS  

A. Materials  

A graphite intercalated compound with an average size of 
500 µm, supplied by Superior Graphite, China, was used to 
prepare expanded graphite. GNS was prepared by sonication 

of expanded graphite in ultrasonic bath. Unsaturated polyester 

resin was supplied by Fiber Shargh company (Iran). Methyl 
ethyl ketone peroxide (MEKP) and cobalt octoate were used 
as hardener and accelerator, respectively. A solution of 
polystyrene (40 w% PS in styrene monomer (MERK)) was 
used as LPA. Polystyrene (GPPS 1540/1) was supplied by 
Tabriz Petrochemical company (Iran). 

B. Preparation 

1) Preparation of GNS 

 

GICs were heat treated at 900 °C for 15 s to obtain 

expanded graphite particles with bulk density of 0.0037g/cm
3
. 

Expanded graphite was immersed in methyl acetate liquid in 

an ultrasonic bath. The dispersion was sonicated for 5 hr, and 

then was filtered and dried to produce GNS. 

 

2) Fabrication of UP Nanocomposites 

In situ polymerization is an efficient method to improve 

the dispersion of the graphitic fillers in polymer matrices. 

Composites fabricated by in situ polymerization technique 

exhibit better mechanical properties and lower percolation 
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threshold than those made by solution compounding or melt 

blending techniques [2]. Thus, UP/GNS composites were 

prepared by in-situ polymerization. Preweighed UP resin and 

GNSs were mixed for several minutes to obtain a 

homogeneous dispersion of GNSs within the matrix. Then, 

initiator (MEKP) and promoter (cobalt octoate) were added 

into the mixture. The mixture was cast in a silicon rubber 

mold to prepare samples for analysis. After 24hr, the 

specimens were placed in an oven and post-cured at 80 °C for 

3 hr. 

C. Measurements and Analysis 

1) Electron Microscopy 
The fracture surface of nanocomposites was studied by a 

KYKY EM3200 scanning electron microscope (China). 

Transmission electron micrographs were obtained with a 

Philips CM10 0 apparatus using an accelerator voltage of 100 

kV. 

2) X-Ray Scattering Analysis  

XRD analysis was performed by a Siemens D5000 

diffractometer using Cu Ka radiation (wavelength, 1.936 Å) at 

room temperature with a scanning rate of 1.2 °/min over 

2θ=5-40°. 

3) Fourier Transform Infrared Spectroscopy (FTIR) 

The study of the chemical functional groups on the 

nanographites was conducted on a BRUKER Tensor 27 

(Germany). 

4) Differential Scanning Calorimetry  

The differential scanning calorimeter was carried out in 

NETZSCH  DSC  200F3 (Germany), which calculates the heat 

flow  to  and  from  the  specimen  with  respect  to  the 

temperature  and  time,  sample  weight  of  20-30 mg  at 

heating rate of 10 °/min under nitrogen atmosphere from 

25°C to 250°C, in aluminium pan. 

5) Electrical Measurements  
A two-probe technique was used for the through-plane 

electrical conductivity measurements across the sample 

thickness. And a four-probe technique was used for the in-

plane electrical conductivity measurements. Electrical 

measurements were conducted using a BK PRECISION 

multimeter and an Itech source meter, or a Keithley 

Electrometer, depending on the conductivity level of the 

samples. To ensure good electrical contact, the surfaces of the 

specimens were polished with 1500 grit sand paper. The size 

of the specimens was 12.7 mm × 4 mm × 100 mm. At least 

three samples were tested for each concentration.  

 

6) Shrinkage Measurement 
Density of the cured samples was measured by buoyancy 

method to calculate the volume shrinkage of the resin system. 

The density of the cured sample (de) and the volume shrinkage 

can be calculated by using the following equations [4]: 

(1 )                          

 

 

2)           ) 

 

 

(3) 

 

 

in which de is density of the cured sample, m1 and m2 are 

the sample weights when measured in air and in methanol, 

respectively. d0 is the density of the resin mixture before cure, 

Wi and di are weight fraction and density of each component 

of the mixture, respectively. 

Linear shrinkage of UP resins containing GNS was 

calculated by measuring the length of mold and the length of 

cured sample. The linear shrinkage was changed to the volume 

shrinkage according to the following equation [5]: 

  (4)  

In which L0 is the length of mold at temperature room and 

L1 is the length of cured sample after 24hr at temperature 

room and then 3hr post-cure at 80°C.  

III. RESULTS AND DISCUSSION 

A. Characterization of Graphite Nanosheets 

1) Scanning Electron Microscopy 
Thermal shock of intercalated graphite flakes caused rapid 

vaporization of intercalated species. The force caused by the 

exhaust of gaseous products exfoliated the graphite layers. The 

loose and porous structure of expanded graphite was produced 

as shown by SEM image in Fig. 1. Fig. 2 shows the SEM 

image of sonicated expanded graphite. Ultrasonic radiation 

produced GNS particles. SEM images revealed that the three- 

dimensional structure of EG turned to two-dimensional and 

sheet-like structure of GNS with a thickness of about 20 nm 

and a diameter of about of 10 µm. Estimated aspect ratio and 

surface area of GNS were calculated to be 500 and 45 m
2
/g, 

respectively. Chen et al. [6] also treated expanded graphite 

with sonication and produced nanosheets with a thickness of 

30 –80 nm and diameter of 0.5 – 20 µm. 
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2) FTIR Analysis 
Fig. 3 exhibits FTIR spectra of EG and GNS. The band at 

3433 cm
-1

 can be attributed to O–H stretching vibrations of 

phenolic or alcoholic functional groups presented on EG and 

GNS prticles. The presence of carboxyl functional groups can 

also be detected at around 1650 cm
-1

 [7]. A strong absorption 

band, especially in the spectra of GNS, appeared at 2357 cm
-1 

which can be attributed to C≡C and C=C=C bonds. Ultrasonic 

waves can cause more break down of sp2carbon atoms on EG 

surface by creating very hot and high pressure spots in the 

liquid.  The band at around 1030 cm
-1

 indicats the presence of 

oxygen-containing functional groups. These results confirmed 

previous studies [8-10]. 

 

3) X-ray Diffraction 

The XRD patterns of natural graphite, GIC, EG and GNS 

are shown in Fig. 4. The diffraction peak at (d~3.34 Å) 

corresponds to the (002) panel and satisfies Bragg’s equation.  

(5                                   ) 

After acid treatment and thermal shock, the sizes of the 

natural graphite reduced in three directions. Accordingly, the 

intensity of the diffraction (002) peak also changed. The sharp 

decreased intensity of the peak corresponded to exfoliate of 

graphite layers in EG and GNS. It caused extremely higher 

aspect ratio than natural graphite. 

As shown in Fig. 4 the different treatments couldn't change 

angle of basal peak. Therefore, the distance between graphene 

layers didn't increase by even thermal shock and sonication. 

 

4) Electrical Conductivity of Nanographite Powder 
According S. Rattanaweeranon et al. work [11], higher 

density of bulk graphite leads to higher electrical conductivity 

because there is more chance for the electrons to move across 

them. So, natural graphite and graphite nanosheets powders 

were compressed inside a tube into bulk graphites with same 

density. The density was calculated by measurement of mass 

and volume of the compact sample. The through-plane 

conductivity of the samples at room temperature was 

measured by four probe technique. The top and the bottom of 

the samples were attached to wire electrodes. They were 

connected to the Multimeter. The measurements were repeated 

for 3 times. 

 

The electrical conductivity of compact GNS was lower 

than the electrical conductivity of compact natural graphite 

flakes (-18%) as shown in Table 1. Thus, it can be said the 

chemical and thermal treatment of graphite and sonication of 

 
Fig. 2. SEM observation of graphite nanosheets. 

 

1 µm 

1 µm 

 
Fig. 1. SEM observation of expanded graphite. 

 

 
 

 

Fig. 3. FTIR spectra of expanded graphite and graphite nanosheet. 

wave number (1/cm) 

 
 

 
Fig. 4. The XRD patterns of the natural graphite (G), GIC, EG and 

GNS. 

 

2teta (°) 
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EG particles reduced insignificantly the conductivity.  

B. Characterization of Nanocomposites 

1) X-ray Diffraction 
Fig. 5 presented the XRD patterns of UP/GNS 

nanocomposites. The patterns of UP/1.5phr GNS sample and 

UP/2.5phr GNS sample did not show the any basal peak. It 

can be attributed to low concentration of nanographite in 

nanocomposites. Disappearance of the peak in XRD pattern of 

nanocomposites with low concentration of nanoclay has also 

reported [12].  

the presence of a (002) sharp peak in XRD pattern 

confirmed not only the presence of pure graphite based on 

stacks of parallel graphene sheets, but also the statement that 

the process technique applied is not able to exfoliate or 

completely separate the graphite layers and some graphite 

sheets still exist in the aggregate form [13]. So, the appearance 

of the (002) peak with very low intensity in the pattern of 

UP/5phr GNS sample (Fig. 5) can illustrate good homogeneity 

of nanosheets in UP matrix. In addition, UP/5phr GNS 

nanocomposite did not show signs of intercalation of UP 

between graphene sheets, likely due to the insufficient 

interlayer distance between graphene layers. 

2) Electron Microscopy 
SEM micrograph in Fig. 6 illustrated the microscopic 

structure of fracture surface of UP/2.5phr GNS 

nanocomposite. The presence of GNS particles with layer and 

sheet-like structure in UP matrix was clear. And the resin 

could wet the nanofillers very well. 

TEM observation of the nanocomposites mentioned a 

high distribution and dispersion level of the graphite 

nanosheets in the polymer matrix (Fig. 7a, b). Dispersed 

exfoliated layers and thin sheets of graphite were visible into 

the UP matrix. 

3) Electrical Conductivity 

Fig. 8 represented the variation of the in-plane electrical 

conductivity of the nanocomposites as a function of GNS 

content. The nanocomposites exhibited a sharp transition from 

an electrical insulator to an electrical semiconductor at a very 

low GNS content of about 0.5 vol. %. Percolation theory 

defines an insulator-conductor transition and its corresponding 

threshold of the conducting filler concentration Pc, via the 

following equation, 

(6       )  

Where  is a constant,  the electrical conductivity of 

composite, P the volume fraction of graphite, and t the critical 

exponent. The exponent t depends on filler dimensionality and 

its values are t~1.33 and t~ 2.00 for two and three dimensions, 

respectively [9]. In here, best-fitted values based on the scaling 

law were 0.0045 for Pc and 1.6 for the t as shown in Fig. 9. 

The low value of t=1.6 suggested that charge transported 

through a two-dimensional structure; therefore the value of the 

resulted critical exponent for graphite nanosheets is 

reasonable. The very low value of Pc (0.4 vol. % equal to 0.72 

wt. %) was excellent when compared with the data reported 

[14-17]. For example, the lowest percolation threshold of the 

UP/GNS composites was 1.2 wt. % [18] and this value for 

UP/milled EG was reported 2phr [19]. This is due to the sheet-

like structure of the GNS particle having a very high aspect 

ratio and a large specific surface that were estimated from 

electron microscopy micrographs (Fig. 1, Fig. 6 and Fig. 7). 

The appropriate dispersion and distribution of nanofiller in UP 

resin made a conductive network at lower content of GNS. 

This result is similar to the published percolation threshold for 

epoxy/graphene composites with 0.52 vol. % [20]. The 

percolation threshold about 0.1 vol. % may expect if the disc-

like particles with aspect ratio about 1000 disperse randomly 

in matrix [21].  

For comparison, the through-plane and in-plane electrical 

conductivity of nanocomposites were listed in Table 2. In 

 
 
 

Fig. 5. The XRD patterns of the UP/GNS nanocomposites. 

 

2teta (°) 

  
Fig. 6. The SEM micrograph of the UP/2.5phr GNS nanocomposite. 

 

TABLE1. Through-plane electrical conductivity of graphite powders at 298 K 

(25 °C) 

Through-plane 

conductivity(S/cm) 
Density(g/cm3) samples No. 

14.8±0.4 2.14±0.12 Compact NG 1 

12.1±0.6 2.14±0.12 
Compact 

GNS 
2 
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through-plane measurements by 2-probe technique, it is 

impossible to remove the contact resistant. So, it is expected 

the value of through-plane conductivity will be-even in 

composites with random dispersion- lower than in-plane 

conductivity as shown in Table 2. Higher contents of 

nanofiller caused to form the denser and wider conducting 

filler network. Therefore, the difference between through-

plane and in-plane conductivity decreased in higher 

concentrations of GNS. In addition, through-plane 

conductivity of UP/5phr GNS composite was measured about 

35 times of through-plane conductivity of UP/5phr natural 

graphite composite. This result reemphasized that the graphite 

nanosheet with high aspect ratio is more effective in forming 

conducting network. And the higher electrical conductivity of 

natural graphite flakes (Table 1) was not enough to reach the 

composite with more conductivity.  

 

4)  Thermal Analysis 
The effect of the graphite nanosheets on curing of 

polyester resin is investigated by DSC analysis. Fig. 10 

showed the dynamic DSC thermograms of the polyester 

mixtures over the 25-250 °C range. The thermal properties 

derived from the dynamic DSC thermograms were 

summarized in Table 3 in terms of the total heat of reaction 

(∆Hdyn, referred to the unit mass of mixture), the glass 

transition and the reaction peak temperatures (Tg and Tpeak) for 

all samples. An increase in Tg of UP resin by addition of 

expanded graphite was reported [19]. M. Chieruzzi et al. [22] 

showed Tg also increased with nanoclay content. The glass 

transition process is related to molecular motion at a structural 

level. The increase in Tg of the nanocomposites with respect 

to the neat UP resin (as shown in Table 3) can be attributed to 

an improved adhesion between the resin and nanofiller 

surfaces that restricts the motion of molecular segments. It 

was also obvious from Table 3 that the presence of GNS in 

matrix increased ∆Hdyn of mixtures with respect to the neat UP 

resin. Since the released heat during the cure reaction of 

thermosetting resin is an indicator of curing, it can be said the 

more total heat of reaction (∆Hdyn) correspond to the higher 

degree of curing [23]. Qiu et al. [24] illustrated that GO has an 

accelerating effect on the curing process of epoxy 

nanocomposites with a trend of cure reaction peaks towards 

lower temperatures. It was observed (in Table 3) that Tpeak 

decreased with the presence of GNS, indicating that the GNSs 

acted as facilitate the curing reaction of UP resin. Therefore, it 

may be concluded that the different types of oxygen 

functionalities (which agreed with the result of FTIR 

discussed above) on the surface of GNS are considered as 

catalysts to accelerate the cure reaction of UP resin. In 

addition, because of the thermal conductivity of graphite 

sheets, the heat generated by the exothermic curing reaction 

  
a b 

Fig.7. The TEM micrographs of the UP/2.5phr GNS nanocomposite (a) and the UP/5phr GNS nanocomposite (b). 

 

 
 

 
 

 
Fig. 8. In-plane electrical conductivity versus filler volume percent of 

UP/GNS composite. 
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Fig. 9 .The percolation scaling law between log  and log )P − Pc) where 

the solid straight line corresponds to the best-fitted line. 
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transfers faster and more uniformly in the whole mixture that 

improves the curing rate of UP resin. However, in the higher 

concentrations the presence of GNSs prevents from 

crosslinking of resin and acts against two factors discussed 

above. That is why it was observed that no linear relationship 

of ∆Hdyn and Tpeak between different contents of GNS. 

5) The effect of GNSs on shrinkage control of UP resin 

In the UP/styrene (St)/LPA system, a reaction-induced 

phase separation occurs during curing, resulting in the UP-rich 

phase and the LPA-rich phase are formed. If microvoids can 

form in the LPA-rich phase or at the interface of the two 

phases, polymerization shrinkage can be reduced or eliminated 

without any thermal effect. It was found that the reaction rate 

of the LPA-rich phase is much lower than that of the UP-rich 

phase because of the high St/UP ratio (i.e. the St–St reaction is 

much slower than the St–UP copolymerization) and the low 

cobalt promoter level in the LPA-rich phase (i.e. the cobalt 

promoter has a higher solubility in the UP-rich phase during 

partitioning). Since a liquid LPA phase can release stresses 

resulting from polymerization shrinkage of the UP-rich phase, 

the stress -induced local cracking in the LPA-rich phase or at 

the interface of the two phases will not occur until after the 

gelation of the LPA-rich phase. This local cracking leads to 

volume expansion of the curing system, thereby compensating 

some of the polymerization shrinkage. It has been suggested 

that increasing the reaction rate in the LPA-rich phase could 

result in an earlier microvoid formation/volume expansion in 

the system for better shrinkage control [4]. Accordingly, Xu et 

al. [4] showed the positive effect of nanoclay on shrinkage 

control of the UP/St/poly vinyl acetate systems. Therefore, we 

were going to investigate the effect of GNS on the 

UP/LPA(polystyrene) systems. The content of LPA was 

constant (equal to 7phr) in all samples. Table 4 presented 

density and volume shrinkage results of the cured samples. It 

showed the presence of GNS in matrix reduced significantly 

the volume shrinkage of pure resin and UP/LPA mixture. 

Also, the linear shrinkage of cured samples was calculated by 

measuring of the length. Then, the values of linear shrinkage 

converted to the values of volume shrinkage (as shown in 

Table 5). The results of Table 5 confirmed the control effect of 

GNS on UP resin shrinkage. Both results (in Table 4 and 

Table 5) showed a similar trend with the different 

concentrations of GNS. After these observations, the study on 

morphology of UP/LPA/GNS nanocomposites and curing rate 

of UP/LPA/GNS mixtures were conducted. 

a) Morphology of UP/LPA/GNS Nanocomposites 

To study the effect of GNS on the shrinkage control of the 

UP/St/LPA system, the final morphology of the cured samples 

was observed under SEM. Fig. 1 shows the fracture surface  

 
 

 
Fig. 10  . DSC thermograms of UP/GNS mixtures at different concentration of 

GNS with a heating rate of 10°C nim/  . 
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TABLE 3 .The results of dynamic tests on UP/GNS mixtures. 

Tg (°C) Tpeak (°C) ∆Hdyn(j/g) samples No. 

205.8 118.6 206.1 
UP/0phr 

GNS 
1 

207.9 90.3 270.1 
UP/1.5phr 

GNS 
2 

214.8 113.3 222.3 
UP/2.5phr 

GNS 
3 

 

 

 

TABLE2. Comparison of through-plane and in-plane conductivity of nanocomposites. 

Ratio of in-plane conductivity to 
through-plane conductivity 

Through-plane 

conductivity(S/cm) 

In-plane 

conductivity(S/cm) 
nanocomposites No. 

26 0.000046±0.000003 0.0013±0.0002 UP/1phr GNS 1 

10 0.003±0.0006 0.0299±0.0025 UP/2.5phr GNS 2 

11 0.012±0.002 0.127±0.0377 UP/5phr GNS 3 

 

TABLE 4  . Density and volume shrinkage of cured samples (7phr 

LPA, 0.4phr cobalt octoate, 1.2phr MEKP). 

Volume 

shrinkage 

(%) 

d0(g/cm3) de(g/cm3) samples No. 

8.4 1.150 1.256±0.0034 UP/0phr GNS 1 

6.7 1.157 1.239±0.0197 UP/1.5phr GNS 2 

6.5 1.113 1.190±0.0013 
UP/LPA/0phr 

GNS 
3 

4.4 1.119 1.171±0.0084 
UP/LPA/1.5phr 

GNS 
4 

3.6 1.123 1.166±0.01 
UP/LPA/2.5phr 

GNS 
5 
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of the sample containing 7phr LPA with different amounts of 

GNS. For all three samples, a two-phase structure was found. 

The flake-like structure corresponds to a highly concentrated 

UP region. The particulate region is formed by UP and LPA 

(LPA-rich phase) [25]. The particulate region (LPA-rich 

phase) was small and formed the dispersed phase with domain 

diameter less than 10µ  n to 40µn. The flake-like region (UP-

rich) formed the continuous phase. The Fig. 12 showed the 

LPA-rich phase has tiny pores. As expected, the formation of 

microvoids at the interface of the two phases was clear that 

caused the better volume shrinkage in samples containing of 

LPA. But, these voids reduce the strength of interfacial in two 

phases and cause a decreasing in mechanical properties of 

samples containing of LPA. As seen in Fig. 11(b, c), the 

presence of GNS has not changed the morphology of 

nanocomposites. There is a significant observation, GNS 

particles have influenced on the interface of the two phases 

(LPA-rich and UP-rich phases) and improved the interaction 

between the two phases, so that the microvoids at the interface 

of the two phases were hardly seen (Fig. 11(b, c)). It is 

confirmed in the next section. Fig. 13 showed the presence of 

not powdered EG particles in the vicinity of LPA-rich phase 

that suggested nanographite is more compatible to the LPA-

rich phase (where has higher concentration of polystyrene). 

 

IV.  CONCLUSIONS 

Unsaturated polyester/graphite nanosheet nanocomposites 

were prepared through in-situ polymerization method. The 

very low value of percolation threshold (0.4 vol. %( was 

excellent when compared with the other data  reported.  This 

result is similar to the published percolation  threshold for 

epoxy/graphene composites with 0.52  vol. % [20].   

It was observed (in DSC results) that Tpeak decreased with 

 the presence of GNS in matrix, indicating that the GNSs acted 

 as facilitate the curing reaction of UP resin.  

The results confirmed the control effect of  GNSs on UP 

resin shrinkage. There was a significant observation, GNS 

particles have  influenced on the interface of the two phases 

and improved the  interaction between the two phases. 

GNSs introduced as a new curing facilitator and low 

shrinkage additive of unsaturated polyester resin. 

 

 

   
a b c 

Fig. 11. SEM micrographs of cured UP/St/LPA system with different amounts of GNS at room temperature (0.4phr cobalt octoate, 1.2phr  MEKP and 
7phr LPA): (a) 0phr GNS; (b) 1.5phr GNS; (c) 2.5phr GNS. 

 

 
Fig. 12. SEM Micrograph of UP resin containing of LPA cured at 

room temperature at higher magnification. 

 

 

 
Fig. 13. SEM Micrograph of UP/LPA/2.5phr GNS sample 

cured at room temperature at higher magnification. 

 

 

TABLE 1. Linear shrinkage and volume shrinkage of cured samples (7phr LPA, 

0.4phr cobalt octoate, 1.2phr MEKP). 

Volume 

shrinkage 

(%) 

Linear 
shrinkage 

(%) 

L1(mm) L0(mm) samples No. 

5.6 1.85±0.03 98±0.04 99.85±0.05 
UP/LPA/0phr 

GNS 
1 

5 1.63±0.05 98.22±0.05 99.85±0.05 
UP/LPA/1.5phr 

GNS 
2 

4.7 1.54±0.04 98.31±0.04 99.85±0.05 
UP/LPA/2.5phr 

GNS 
3 
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Abstract— Enhanced oil recovery is an alternative method after 

conventional recovery process. After the conventional recovery 

process, some amount of conventional and heavy oil will remain 

in reservoirs. It is important for oil and gas industry to recover 

more hydrocarbons to supply the increasing world energy 

demand. The main factors need to be considered during EOR 

process is the efficiency of processes toward the increasing of 

recovery. Electrokinetic phenomena occur when an electrolyte 

flows along charged solid surface. It arise from the interaction 

between the rock matrix and the displace water. For several 

decades, these phenomena have been of interest to geophysicists 

in many subfields. In Oil and Gas industry, this technique not 

studies yet as reservoir monitoring in WAG, foam and polymer 

but only study in water flooding process. These study focus on 

designing the system for testing the effectiveness of streaming 

potential measurement in WAG (water alternate gas), FAWAG 

(foam assisted water alternate gas) and polymer flooding. The 

objectives of this study are to determine: (1) the efficiency of 

designed WAG process, (2) detects the foam rupture during 

FAWAG process, and (3) detection of polymer adsorption in 

polymer flooding.  
 

Keywords— Streaming Potential; Electrokinetic; WAG; Foam; 

Adsorption Polymer  

I.  INTRODUCTION  

The study of reservoir monitoring during EOR processes 

is important for oil and gas industrial.  Oil production 

classifies into three phases such as primary, secondary and 

tertiary which is known as Enhanced Oil Recovery (EOR). US 

Department of Energy finalize that those primary and 

secondary recovery of production can leave up to 75% of the 

oil in the well. Furthermore, to increase more recovery, the 

tertiary or EOR method is implementing to the field. EOR 

itself can increase production from a well to up to 75% 

recovery [1]. EOR method was the techniques apply to 

prevent or minimize the effect of physical and geological 

reasons to recover more crude from the reservoir. 

 

In recent years there has been an increasing interest in 

Water-Alternating-Gas (WAG) Flooding as one of EOR 

method. WAG Flooding is one of the well-established 

methods for improving residual oil recovery in a water flooded 

reservoir. During WAG process, gravity segregation and 

heterogeneity may influence sweep efficiency which can cause 

early breakthrough. To overwhelm this problem, WAG 

process need to be observed by using streaming potential 

signals. 

 

Polymer flooding is the chemical enhanced recovery 

which is a well-known method with the low risk and 

applicable to wide range of reservoir condition. For many 

reservoirs, polymer is an attractive alternative to conventional 

waterflooding due to their ability to improve the area of swept 

efficiency not only in the macro scale but also in the micro 

scale. Basically, polymer flooding was take place after poor 

recovery in primary and secondary production stages. Poor 

recovery occurred due to geological factor (heterogeneity) 

which forms the faster sweep of oil at high permeable zone 

and leaves the oil at low permeable zone. Moreover, 

application of polymer will cause several problems such as 

loss of viscosity by mechanical degradation and loss of 

polymer due to adsorption or retention [2].   

 

Polymer adsorption is the main contribution for polymer 

losing during polymer flooding processes. As mentioned by 

[3], polymer adsorption is the simplest mechanism of polymer 

retention which forms the layer on the surface of pore walls by 

adsorption of polymer solution. The observation of polymer 

adsorption is the important aspect to be considered due to 

prevent the large amount of polymer lose in this process. 

Basically, the tracer and spectrometer used as the indicator for 

the polymer concentration during the dynamic and static test 

of polymer adsorption [4]. 

 

Foam is a dispersion of gas in a continuous liquid phase 

which volumetrically forming a fraction of foam. However, 

the gas phase is discontinuously organized in gas bubbles 

[5,6]. Besides that, foam can be generated by flowing gas in 

the porous medium with the presence of [7]. The gas breaks 

into bubbles that are stabilized by the surfactant solution in a 

liquid phase [8,9]. The formation of foam makes gas mobility 

become drastically decrease [10,11,12]. Foam can be 

classified into three classes namely in-depth mobility control 

foam (MCF), blocking/diverting foam (BDF) or also known as 

* Corresponding author.  
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injection profile improvement foam and gas oil ratio (GOR) 

control foam [13]. 

 

FAWAG technique could improve sweep efficiency 

during gas injection while reducing gas oil ratio (GOR) and 

maximizing hydrocarbon production rate in the production 

tubing [14]. Foam can be used in EOR method in order to 

minimize the gravity overriding, viscous fingering and 

channeling problem. FAWAG also provides good mobility 

control of gas flow by delaying early gas breakthroughs [15] 

and has come out as a new method for well flow 

improvement. 

 

 

II. MONITORING RESERVOIR 

Implementation of tracer application in the reservoir 

system had been applied in various applications throughout 

the world. Basically, the tracer have been used successfully on 

many oil field systems to monitor and retrieve flow 

parameters, inter-well formation heterogeneity such as high 

permeability region and inter-zone communication regime. 

Basically, tracer has been used to monitor the efficiency and 

reservoir changes cause by EOR processes. These types of 

method required high amount of chemical and much testing. 

So, the faster and simple measurement required for monitoring 

the reservoir during EOR processes and the streaming 

potential measurement suggested. So far there has not been a 

systematic study of streaming potential measurement as a 

method of reservoir monitoring during WAG, FAWAG and 

Polymer flooding. In this study the focus is on suggest a new 

approach of monitoring the reservoir specifically on 

measuring efficiency of designed WAG process, foam rupture 

during FAWAG and detection of adsorption polymer during 

polymer flooding.   

 

III. EOR STRATEGY 

A. Water Alternate Gas (WAG) 

 

Water Alternate Gas (WAG) process is a method to 

enhanced oil recovery. WAG method was suggested to control 

mobility ratio of CO2. In this injection process, water and gas 

are injected alternately for the period of time to provide better 

sweep efficiency and lessen gas channeling from injector to 

producer line.  

 

In most WAG process, water and gas are injected in 

small, alternate slugs rather than simultaneously. Three 

reasons are given for the application of alternating injection in 

the WAG method: (1) gas and water segregate in the well bore 

when injected simultaneously, (2) alternating injection is more 

convenient operationally than simultaneous injection, and (3) 

the injectivity either fluid remains higher than would be in the 

case with simultaneous injection. Injectivity remains higher 

for alternating injection because the saturation and hence 

relative permeability of the fluid being injected are higher near 

wellbore region. 

 

B. WAG Classification 

WAG injection process end result mainly depends on 

reservoir rock and fluid properties because every reservoir has 

their own rock and fluid properties. The accessibility of gas 

and its composition play a significant parameter in designing a 

WAG process. This is due to the gas compositions are the 

main key point in order to select the WAG process either 

miscible or immiscible under reservoir conditions [16]. 

 Miscible WAG 

Miscible WAG process can be describe as an 
injected gas is mixable with residual oil under certain 
conditions which creates an oil bank in front of the 
miscible zone. Gas miscibility makes an oil viscosity 
decreasing and this scenario offers an additional benefit 
of trapped oil mobilization up to the production lines. 
Furthermore, miscible gas injection has excellent 
microscopic sweep efficiency but poor macroscopic 
sweep efficiency due to the gravity override and 
viscous fingering. However, this constraint can be 
improved by reducing the volume of injected gas. 

 

 Immiscible WAG 

Immiscible WAG process explained that the 
injected gas is not mixed with oil in the pore channels 
in the reservoir. However, this process can be used to 
makes unswept zones become connected and also to 
improve water front stability. There are several 
reservoirs which suitable for this process such as strong 
heterogeneity reservoir, low dip angle reservoir, 
specific gas resources reservoir and gravity-stable gas 
injection reservoir. Besides that, some immiscible 
WAG process advantages are advance in pressure 
support, reduced water handling costs and high 
production rates. 

 

In the applications of WAG injection techniques, 
the high mobility and low density of the gas lead the 
gas to flow in channels through the high permeability 
zones of the reservoir and to rise to the top of the 
reservoir by gravity segregation. As a result, the sweep 
efficiency decreases and the residual oil in the reservoir 
will be more. Other than that, sweep efficiency also 
influenced by heterogeneity of the reservoir. To 
overcome this problem, WAG process need to be 
monitor. 

 

C. Polymer Flooding 

 

Polymer flooding has been used the polymer solutions to 

increase oil recovery by increasing the viscosity of displacing 
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water in generating more favorable water and oil mobility 

ratio. Polymer technologies have shown the possibilities to be 

studied because the viscosity of polymer solution will change 

the mobility ratio between water and oil in order to overcome 

the water flooding problems [17].  

 

      Furthermore, water soluble polymer is injected in order to 

increase the viscosity of displacing polymer solution to push 

the oil towards the production well. The usage of water 

soluble polymer in polymer flooding is mainly because of the 

hydrogen bonding between water molecules and polymer side 

chain. The basic process of polymer flooding which is 

commonly implemented at the end of the good life has been 

demonstrated in the Figure 1. The injection of polymer will 

flush the remaining oil to the production well with the 

intention that the well will keep producing and increase the 

recovery of hydrocarbon. 

Application of polymers will change the fractional flow 

curve and at the same time reduce the effective residual oil 

saturation and improve sweep efficiency on less permeable 

zones. Moreover, polymer flooding will increase the ratio 

between viscous to gravity forces and it also has the ability to 

reduce the sinking in order to enhance the vertical sweep in 

the reservoir. Even in the presence of underlying aquifer, 

polymer flooding still effective with restricted water 

channeling through the aquifer. It can be simplified that 

polymer flooding will turn the oil recovery more efficient by 

through the effects of polymers on fractional flow, decreasing 

the water and oil mobility ratio and diverting injected water 

from zones that have been swept.   

 

D. Adsorption of Polymer 

Polymer adsorption refers to an interaction of polymer 

molecules with solid surfaces (Figure 2). This interaction will 

cause the polymer molecules to be bound to the surface of 

solid mainly by physical adsorption which means a relatively  

 

 

 

Fig. 1. Polymer flooding illustration (Donaldson, Chilligarian, & Yen, 1985). 

 
Fig. 2: Polymer Adsorption in Porous Media [19] 

 
 
Fig. 3. Effect of hydrodynamic forces on polymer adsorption [20] 

 

weak bond between the surface absorbent (rock) and the 

adsorbed (polymer), and the forces between both of them are 

electrostatic forces [18]. The concentration of polymer in the 

water flood decreases and thus the viscosity of the displacing 

phase decreases.  

Adsorption of polymer molecules on rock surface 

occurs by virtue of a lower overall free energy. This 

phenomenon is due first to an entropic contribution, where 

water molecules are previously bound to the polymer or the 

rock surface.  It is liberated as the polymer is adsorbed causing 

an entropy increase. There is also an enthalpy contribution to 

the lower free energy of adsorbed polymer which occurs for 

ionic polymer. This contribution results from an electrostatic 

attraction or repulsion of the polymer depending on the net 

ionic charge of the surface. Previous study suggests that the 

dynamic forces increase adsorption density and the adsorbed 

layer thickness (Figure 3) [20].       

The amount of polymer lost from a bank may large or 

small, depending on the nature of the polymer and rock 

surface. The adsorption is higher from the saline water than 

from the fresh water and the higher polymer concentration 

leads to higher adsorption. Adsorption isotherms give at a 

particular constant temperature, the dependency of amount of 

adsorbed in the equilibrium concentration. Due to the 
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adsorption, the polymer solution loses its viscosity during 

propagations and affected the performance of polymer 

flooding. Factor affecting adsorptions of polymer are polymer 

concentration, salinity, temperature and injection rate [21].  

 

Dang et al stated that measurement of polymer adsorption 

in the laboratory can be done either using the static method or 

dynamic method [19]. For static test, the adsorption mass is 

determined by the difference of polymer concentrations before 

and after mixing the rock sample. The result may not represent 

the field values because the exposed surface of unconsolidated 

rock is not the same as in the field. Whereas, for dynamic test, 

there are two common experimental methods; Whillhite 

method and Dawson method. 

  

 

E. Structure of Foam 

 

In EOR, foam scale in bubble form is considered. The 

bubbles connect each other by thin liquid films which are also 

known as foam films or lamellae. The foam films are direct 

with liquid phase and the neighbouring foam films via Plateau 

borders. These are interconnected throughout the foam 

channels which create a continuous liquid phase structure [22]. 

 

The foam films are thin free staying layers aqueous 

solution surrounded by the gas from the both sides [23,24]. 

Usually, surfactant molecules adsorb on both film sides and 

stabilize the film. The thickness of the foam films is only a 

few micro-meters but could be even only a few nano-meters 

based on the situation. However, for the ―bulk‖ foam in 

porous media, the average bubble size exceeds the length of 

the system or in other words the foam can occupy more than 

one pore space [10,11]. 

 

The Plateau borders connecting the lamellae to water films 

wetting the rock surface [25]. Therefore, the liquid phase 

becomes continuous throughout the porous formation. These 

wetting films on water on the rock can be stable only if the 

surface of the rock is hydrophilic (water-wet). 

 

 

F. Foam Injection Techniques 

 

The most important factors in FAWAG process are foam 

placement technique in the reservoir (injection of pre-foamed 

foam, co-injection foam and surfactant alternating gas (SAG) 

foam), reservoir pressure and permeability [25]. Therefore, in 

the field, the manner of foam placement is more diverse as 

compared to in the laboratory.  

The foam placement technique is closely associated with the 

way by the foam is generated hence the terms of foam 

generation and foam injection mode are interchangeable. 

Generally, the foam is generated when a gas passing surfactant 

in aqueous solution which creates a stable dispersion of gas 

bubbles and lamellae trains in the liquid. There are three types 

of foam injection mode which are pre-foamed foam, co-

injection foam and SAG foam. 

 

 

G. Tracer in EOR Techniques 

By using the tracer system, the understandings of fluid 

flow and EOR process have been improved [26]. Tracers are 

best describes as a unique reservoir compatible species that is 

foreign to the system. Once the reservoir has been injected by 

any fluid, the tracer will monitor the injected fluid and allows 

important information to be retrieved. Tracer can be divided 

into three categories which namely as radioactive, chemical 

and fluorescent. 

Radioactive tracer is the most commonly used system in 

the reservoir due to low detection level. Besides that, 

radioactive tracer is a molecule which contains one or more 

atoms that are radioactive. These atoms may emit radiation in 

extremely low energy beta particles. This radiation can be 

absorbed by even thin layer of plastic to more penetrating 

electromagnetic gamma radiation which can penetrate into 

several inches of metal. 

Furthermore, halogen is the most widely used in chemical 

tracer. Its detection level requires larger volumes as compared 

to radioactive tracer. Fluorescent tracer is safe and can be 

easily detected visually and affordable to purchase. However, 

this tracer can react with reservoir rock and it is limited to the 

noticeable fault or channel reservoir. 

However, by using tracer, its take too long to know the 

performance of WAG process. Since the tracer was injected to 

the reservoir, we need to wait the tracer solution comes out at 

the producer.The process takes long time to finish since we 

need to wait the tracer comes out from the producing well. To 

save the time and cost, other alternative method for 

monitoring the WAG process is streaming potential signals. 

 

IV. STREAMING POTENTIAL 

 

Spontaneous potential (SP) also called self-potential, is a 

naturally occurring electric potential difference in the Earth. It 

can be measured by an electrode relative to a fixed reference 

electrode. Spontaneous potential usually caused by separation 

in clay or other minerals, due to presence of semi-permeable 

interface impeding the diffusion of ions through the pore space 

of rocks, or by natural flow of conducting fluid through the 

rocks. SP is regularly measured during reservoir 

characterization using wireline tools. SP signals generated 

during hydrocarbon production, in response in water-phase 

pressure (relative to hydrostatic), chemical composition, and 

temperature [27]. 

 

The presence of the electrical double layer at the solid –

fluid interface will resulted eletrokinetic phenomenon 
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(streaming potential) in fluid saturated rocks as shown in 

Figure 4a. The mineral surfaces become electrically charged 

when surface molecules undergo amphoteric reactions with 

the adjacent fluid. The surface becomes positively charge if 

the fluid pH values less than that of the point of zero charge of 

the mineral. The point zero charge for silica occurs at a pH of 

2-3, so the mineral surfaces in the sandstone reservoirs are 

usually negatively charged. Adjacent to the mineral surface is 

a layer of adsorbed counter-ions in the fluid, which have an 

opposite charge to that of the surface, termed Stern layer. 

These ions are attached to the mineral surface and immobile. 

However, there is an excess of counter-ions in the fluid 

adjacent to the Stern layer which are mobile; this is termed the 

diffuse or Gouy-Chapman layer. Within this layer, the 

concentration of excess counter-ions decreases away from the 

mineral surface until the fluid becomes electrically neutral; 

known as free electrolyte.  

 

Some of the excess counter-ions within the diffuse layer 

are transported with the flow if the fluid is induced to flow 

relative to the mineral surfaces. At steady state, the advection 

of charge within the diffuse layer is countered by conduction 

of charge through the fluid (and rock, if it is conductive). 

Thus, with an associated electrokinetic potential, a current is 

established. Shear plane is a closest plane to the mineral 

surface at which flow occurs in the diffuse layer. The potential 

at this plane is termed the zeta potential (Figure 4b). The 

electrokinetic potential is a manifestation of this zeta potential. 

 

 

 

Fig. 4. The electrical double layer formed at a mineral-fluid interface. (a) 

Illustration for mineral-fluid interface when the mineral surfaces react with the 

fluid. (b) The electrical potential decreases in magnitude away from the 
mineral surface. The zeta potential is defined at the shear plane [28]. 

A. Streaming Potential Theory 

The electrical double layer which forms at solid 

(mineral)-fluid interface was created streaming potentials in 

porous media [29]. A diffuse layer in the adjacent fluid 

(contains an excess of countercharge) was formed when the 

solid surfaces become electrically charged. If more than one 

fluid phase is present in the pore space, additional double 

layers may format fluid-fluid interfaces [30]. If the fluid is 

persuade to flow tangentially to the interface by an external 

potential gradient, and then some excess charge within the 

diffuse layer is transported with the flow, giving rise to a 

streaming current. Streaming potential is an accumulation of 

charge associated with divergence of the streaming current 

density establishes an electrical potential. 

Measurements of streaming potential by using electrodes 

permanently installed downhole have recently been proposed 

as a promising new reservoir monitoring technology [28,30]. 

There are still significant uncertainties associated with the 

interpretation of the measurements, particularly concerning the 

magnitude and sign of the streaming potential coupling 

coefficient at high salinity (Saunders et al., 2008). The 

coupling coefficient (C) is a key petrophysical property which 

relates the fluid ( P) and electrical ( V) potentials gradients 

when the total current density is zero [30,31].  

 

V=-C P                                    (1) 

 

and can which can be used to predict the magnitude of the 

streaming potential generated by a given fluid potential. The 

coupling coefficient depends upon the electrical conductivity 

of the brine (σw) and brine-saturated rock (σrw), the 

permittivity (ɛw) and viscosity (μw) of the brine, and the zeta 

potential (ζ), which the microscopic electrical associated with 

the excess charge in the double layer. It can be expressed as 

(Hunter, 1981) 

 

 

 C =                   (2) 

where F is the formation factor (=σw/ σrw) and the Fois the 

intrinsic formation factor, measured when the surface 

conductivity is negligible (typically with a very saline brine). 

Values of the coupling coefficient have been measured 

experimentally in several published studies , but only samples 

saturated with relatively low salinity brine (less than seawater) 

[33]. Formation and injected brine in hydrocarbon reservoirs is 

typically more saline than this [30]. According to [32], 

coupling coefficient falls to zero at approximately seawater 

salinity, rise from extrapolating data obtained at low salinity 

into the high salinity. If this is the case, then streaming 
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potential signals will be very small in most hydrocarbon 

reservoirs [32,34].  

Streaming potential measurements have been proposed as 

a method to characterize flow in the fractures adjacent to a 

borehole, and the pressure response of a reservoir during 

transient production test. 

V. MATERIALS AND METHODS 

Glass bead and sand pack will be used as porous media. 

The range selected for the glass bead is 90 – 150 µm. The 

advantage using glass beads is enhancing visual observation 

and providing consistent permeability and porosity. Other than 

that, glass bead also provide clear visual observation of 

displacement front. The shape of glass beads is spherical and 

has smooth surface. The linear model will be designed to 

simulate flow in a horizontal cross section of the reservoir. 

The model will be made of glass and Perspex which permits 

visual observation of the displacement behavior. Figure 4 

shows the picture of the model and its design respectively. 

 

It consisted of a syringe pump, valves, model, pressure 

transducer, and collectors. The syringe pump can be used to 

set any desired injection rate. A few non-polarizing Ag/AgCl 

electrodes will be used to measure the voltage across the 

model. The electrodes will be installed along the WAG model. 

This electrode will record the flow-rate, voltages and which 

can mask the streaming potential signal. Streaming potential 

signals will be measured by using NI Data Acquisition 

Software (NIDAS).NIDAS is the process of measuring an 

electrical or physical phenomenon such as voltage, current, 

temperature, pressure, or sound. For this research, NIDAS will 

measure the voltage across the model. A pair of pressure 

transducers will be measured the pressure difference across 

the WAG model and the voltage across the model will be 

measured by using Ag/AgCl electrodes. 

 

Fluids system has to be chosen so as to avoid the 

necessity of a high pressure and temperature, but then each 

phase of reservoir fluid system must be presented by the 

substitute fluids. The liquid system used in this study is 

refined oil (paraffin), viscous water to represent oil, water and 

CO2 respectively at reservoir condition. Scaling requirements 

established that the viscosity ratio and density difference of 

the various fluids in the model were the same as those in the 

reservoir. In this study, these properties of CO2 were kept 

constant while the properties of water and oil were changed. 

The refined oil was a mixture of paraffin and kerosene. The 

kerosene was used to increase the viscosity of the paraffin oil. 

In addition, the viscous water was a mixture of glycerol and 

brine. The glycerol was used to increase the viscosity water 

and density as well.  For the polymer adsorption test, The 

polymer that applies in these studies is hydrolyzed 

polyacrylamide and Polyacrylamides. Then, the polymer 

solution will be mixing with calcium chloride (CaCl2) or 

sodium chloride (NaCl) with salt concentration up to 20wt %.   

Specification detail on linear model using in the polymer test 

is cylinder shapes with 10cm long and 3.4cm diameter. The 

diagram for polymer flooding testing illustrate as figure 5.

 

Fig. 4. Schematic diagram of WAG model with streaming potential measurements 
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Fig. 5. Schematic diagram of Polymer flooding model with streaming potential measurements 

 

 

 

 

 

 

 

 

 
    

 

 

 

 

 

 

 

 

 

 

Fig. 6. Schematic diagram of Foam Assisted Water Alternate Gas (FAWAG) model with streaming potential measurements 

 

CONCLUSION 

 

This study is significant because monitoring the 

progress of water and gas in a WAG process is key in the 

effectiveness of this enhanced oil recovery method. 

Measurement of the streaming potential provides another 

method besides using tracers to monitor the WAG, foam 

and polymer profile. Better monitoring will lead to more 

efficient displacement and great benefits in term of 

economy and environment. Expected finding for streaming 

potential as adsorption detection shows the lower voltage at 

the high adsorption condition due to the less free ion in the 

solution. High adsorption and lower voltage will occur for 

additional CaCl2 compared to NaCl.  
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Abstract—The O&M (Operation and Maintenance) phase of 
offshore plants with a long life cycle requires heavy charges and 
more efforts than the construction phase, because of the 
occurrence of an accident of an offshore plant to cause 
catastrophic damage. So recently many studies have focused on 
an advanced maintenance policy to minimize the damage caused 
by unexpected failures. Nowadays due to the emerging ICTs 
(Information Communication Technologies) and sensor 
technology, it is possible to send health monitoring information to 
administrator of an offshore plant in a real time way, which leads 
to having much concern on predictive maintenance policy. In this 
study, we have reviewed previous studies associated with 
condition-based/predictive maintenance of offshore plants, and 
introduced a prognosis algorithm predicting the next failure time 
of the compressor which is one of essential mechanical equipment 
in LNG FPSO(Liquefied Natural Gas Floating Production 
Storage and Offloading vessel). 

Keywords—predictive maintenance; compressor; continuous 
time markov model; failure time 

I. INTRODUCTION

In general, product maintenance is defined as all technical 
and managerial action taken during usage period to maintain or 
restore the required functionality of a product.  Here, the 
product includes not only the consumer product (e.g. 
automotive) but also the industry product (e.g. facility fixed in 
a factory).  There are three types of the product maintenance : 
breakdown maintenance (corrective maintenance), preventive 
maintenance, and predictive maintenance.  In the breakdown 
maintenance, the maintenance action is taken after equipment 
and components have failed while the preventive maintenance 
actions are taken with a certain interval in order to prevent the 

failure of the product.  The predictive maintenance may be 
similar to the preventive maintenance in the sense that its goal 
is to prevent product failure in advance before failure occurs.  
However, the approach of the predictive maintenance is 
different from the interval based approach of preventive 
maintenance.  It focuses on the prediction of degradation 
process of the product, which is based on the assumption that 
most product failures do not occur instantaneously, and usually 
there are some kinds of degradation process from normal states 
to abnormalities (Fu et al. 2004).  Hence, unlike breakdown 
maintenance and preventive maintenance, the predictive 
maintenance approach focuses on degradation monitoring and 
prognostics rather than fault detection and diagnostics of a 
product. 

Until now it has been difficult to achieve the effectiveness 
of maintenance operations since there is no information 
visibility during product usage period so that maintenance 
policy has been determined under uncertain product status 
information.  Although there are recommendations concerning 
maintenance strategy from vendors or manufacturers, they are 
neither practical nor cost-effective because they are too generic.  
However, recently, emerging technologies such as RFID 
(Radio Frequency IDentification), various sensors, MEMS 
(Micro-Electro-Mechanical System), and wireless tele-
communication, PEIDs (Product Embedded Information 
Devices) and on-board computers are expected to be rapidly 
used for gathering and monitoring the status data of products 
during their usage periods.  Under the new environment, a 
PEID can log the product history related to distributing route, 
usage conditions, failure, maintenance or service events, and so 
on.   Based on gathered data, we can make a prognosis of 
product status, predict product’s failure, and execute proactive 
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maintenance, upgrade or decommission, i.e. do predictive 
maintenance. 

Although there have been some relevant research works so 
far, the predictive maintenance is still challenging area.  
Current approaches have the limitation in detailed methods or 
validated predictive models.   In this study, we will develop a 
prognosis algorithm that can predict the next failure time of an 
offshore plant equipment used in LNG FPSO (Liquefied 
Natural Gas Floating Production Storage and Offloading 
vessel).  To evaluate the proposed approach, a case study has 
been carried out with the screen shot of currently developed 
maintenance system.   

The rest of this study is organized as follows: In section 2, 
relevant previous studies are reviewed and their limitations are 
discussed.  In section 3, the problem focused in this study is 
addressed.  In section 4, a prognostic algorithm for estimating 
the next failure time is briefly introduced with a case study.  
Finally, this study is concluded with some limitations in section 
5. 

II. PREVIOUS RESEARCH

There are several maintenance policies.  For example, 
Bevilacqua and Braglia (2000) classified the maintenance 
policies into five categories: corrective maintenance, 
preventive maintenance, opportunistic maintenance, condition-
based maintenance, and predictive maintenance.  According to 
Kothamasu et al. (2006), maintenance can be simply classified 
into two categories: reactive or unplanned maintenance; 
proactive or planned maintenance.  Corrective or emergency 
maintenance is the type of unplanned maintenance.  Preventive 
maintenance (such as constant interval maintenance, age based 
maintenance, and imperfect maintenance) and predictive 
maintenance (such as RCM (Reliability Centered Maintenance) 
and condition based maintenance) are the types of planned 
maintenance.  This study focuses on the predictive 
maintenance. 

Until so far there have been several research works about 
predictive maintenance.  For example, Lee (1998) addressed 
the necessity of research on predictive models of machine 
which could tell us what will happen in advance.  Dieulle et al. 
(2001) proposed a mathematical model for determining a 
predictive maintenance policy efficiently using renewal 
processes theory.  In their model, they regarded preventive 
replacement threshold and inspection schedule as decision 
variables.  Swanson (2001) introduced the 4-step process for 
PHM (Prognostic Health Management): RCM analysis based 
on maintenance records, sensors, detection algorithms, and 
prognostics based on transitional fatigue experiments.  
Furthermore, Grall et al. (2002) dealt with the problem of 
developing a mathematical maintenance cost model for 
determining the optimal inspection schedule and the optimal 
replacement threshold for a 1-unit deteriorating system 
submitted to a condition-based maintenance policy.  Fu et al. 
(2004) proposed a predictive maintenance framework for a 
hydroelectric generating unit.  They presented three key 
elements for the predictive maintenance such as monitoring 
and forecasting, diagnosis and prognosis, and decision-making.  
In addition, Carnero (2005) presented a selection method of 

diagnostic techniques and instrumentation in a predictive 
maintenance program.  They combined factor analysis and the 
analytic hierarchy process to develop the method; and applied 
it to screw compressors.  

Recently, there have been several attempts to use ANN 
(Artificial Neural Network) for fault detection and residual life 
estimation.  For example, Lee (2003) used a fuzzy logic neural 
network to predict the failure of a tensioned steel band with 
seeded crack growth.  Samanta et al. (2004) applied three types 
of artificial neural networks, namely, MLP (MultiLayer 
Perception), RBF (Radical Basis Function) network, and PNN 
(Probabilistic Neural Network).  In their work, the 
characteristics of bearing fault were recognized by the applied 
ANN types.  Moreover, Bansal et al. (2004) introduced a real-
time predictive maintenance system.  The aim of the proposed 
system is to localize and detect abnormal electrical conditions 
in order to predict mechanical abnormalities that indicate, or 
may lead to the failure of a motor.  They used a neural network 
approach to predict parameters of a machine.   In addition, 
Smith et al. (2010) used the ANN model to anticipate failures 
of airport ground transportation vehicle doors.  In this work, 
the degradation of door friction was estimated through ANN. 

Although not a few previous research works dealt with 
various predictive maintenance issues, little attention has been 
paid to the research that deals with an offshore plant equipment 
and has the limitation in considering estimating the next failure 
time (remaining lifetime) based on gathered sensor data.  
Estimating the next failure time with sensor data are still the 
undeveloped area and its approaches are unreliable.  Koç and 
Lee (2001) said that current approaches have the limitation in 
detailed methods or validated predictive models for analyzing 
and detecting the factors that affect degradation of product or 
machine.  To cope with the limitations, this study proposes a 
prognostic algorithm to estimate the next failure time of an 
offshore equipment based on reliability theory and queuing 
theory. 

III. PROBLEM DEFINITION

A. Gas compressor of LNG FPSO 
An LNG FPSO is an offshore plant of delivering liquefied 

gas from a gas field to customers.  Recently, the demand for 
LNG FPSO is highly increasing and the demand for LNG 
FPSO projects will grow along with the increased demand for 
natural gas (Zhu et al. 2012).  The O&M (Operation and 
Maintenance) phase of LNG FPSO requires heavy charges and 
more efforts to optimize the cost and to reduce the risks than 
the construction phase because of its long life cycle. Nowadays 
due to the fact that an accident of LNG FPSO in operation 
causes catastrophic damage, many studies focused on a 
maintenance system.  The LNG FPSO is composed of lots of 
facilities and equipment.  Among them, this study focuses on a 
gas compressor equipment which is an important device in not 
only offshore but also onshore plant. 

A gas compressor is a mechanical device that increases the 
pressure of a gas by reducing its volume.  Among several types 
of compressors, we choose the centrifugal compressor.  
Because it is one of the equipment spending the most energy in 
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LNG FPSO, in order to reduce the operating costs of LNG 
FPSO, it is necessary to achieve a goal to operate a gas 
compressor with a predictive maintenance.  In order to monitor 
the status of the gas compressor and estimate the next failure 
time based on the gathered status data, among several status 
parameters of the compressor, this study will deal with 
vibration parameter since it is widely used in detecting the 
status of rotating equipment such as compressor. 

B. Vibration monitoring and predictive approach on failures 
Generally speaking, vibration is the variation with time of 

the magnitude of a quantity that is descriptive of the motion or 
position of a mechanical system.  Relative shaft vibration and 
bearing vibration data are usually used to evaluate the status of 
a compressor of an LNG FPSO.  In this study we evaluate the 
status of a gas compressor through relative shaft vibration data. 

Relative shaft vibration is normally measured by probes 
mounted on a forty five degree angle.  According to ISO 7919 
standard for relative shaft vibration of rotating machines, four 
levels of vibration limits are recommended: limit of star-up 
performance (A), limit of good vibration performance (B), limit 
for warning alarm (C), and limit for trip (D).  As an evaluation 
criterion, this study uses the magnitude of vibration, i.e. Peak-
Peak value.  The Peak-Peak value S(P-P) is expressed from the 
peak to peak amplitude.  The spectrum value uses the suffix 
“P-P” to denote this.  When two sensors monitoring values of 
S(P-P) are located in x-axis and y-axis as 90 degree, S(P-P)max
denotes the max value among values of S(P-P).  According to 
ISO 7919 standard, the limit of warning alarm and the limit of 
trip for the S(P-P)max value are 9000 RPM  and 

13200 RPM , respectively.

C. Considering prognosis maintenance system 

Fig. 1. Use case diagram of the predictive maintenance system 

Fig. 1 depicts the use case diagram that shows the relations 
between functions of the predictive maintenance system 
currently developed in our research project.  Database for 
prognosis analysis and database of O&M (Operation and 
Maintenance) provide the relevant information to a prognosis 
system setting module, an inquiry module for prognosis history 
and prognosis algorithm.  The prognosis algorithm focused on 
this study analyzes status of a gas compressor based on the 
gathered data, and gives a prognosis result (e.g. the next failure 
time) to a prognosis report module for displaying the prognosis 

result to relevant engineers.  The result of prognosis algorithm 
can help determining a time period to repair the component.  
For this purpose, this result is transferred to the maintenance 
module. 

The considering prognosis maintenance system assumes the 
followings: 

� The data on the level of relative shaft vibration in a gas 
compressor is automatically gathered and used for 
predictive maintenance system. 

� The maintenance engineer inputs the operating 
environment and the operating condition for initial 
setting of the predictive maintenance system 

� With a certain interval, the predictive maintenance 
system estimates the next failure time with the proposed 
prognosis algorithm. 

� In the case of the predictive value of relative shaft 
vibration reaching the limit for warning alarm, the 
predictive maintenance system issues a warning. 

IV. PROGNOSIS ALGORITHM

Fig. 2. Procedure of estimating the next failure time  

So as to do the predictive maintenance of a LNG FPSO 
compressor, this study proposes a prognosis algorithm based 
on continuous time Markov model theory as shown in Fig. 2.   

Before describing the details of the proposed algorithm, 
main notations used in this study are defined as follows: 

Notation 

i  the  index of status transitions  

k  the  rotation index of  events 

ni   the number of events in i state transition 

ti,k the time interval between the kth event (related to 
warning or failure) and the (k�1)th event (k > 2) of 
status transition i

241



,
ˆ

ii n�  the event rate for status transition i during the time 
between the nith event and the (ni+1)th event

Fig. 3. Collecting history data classified by status transition 

The detailed procedures of the proposed algorithm are as 
follows:

Step 1. Collection of relative shaft vibration history 
classified by status transition 

The database in the prognosis system records the S(P-P)max
and its timestamp data whenever the level of relative shaft 
vibration exceeds the predefined limit (e.g. warning level, trip 
level).  In this study there are 4 kinds of status transitions and 
these are specified by the parameter i as follows:

i = 1: from a good vibration performance area to a warning  
alarm area, 

i = 2: from a warning alarm area to a trip area,  

i = 3: from a warning alarm area to a good vibration  
performance area,  

i = 4: from a trip area to good vibration performance area.   

Fig. 3 depicts an example of collecting history data 
classified by these status transitions.

Step  2. Estimation of  status transition rates 

In order to be dominated by the continuous time Markov 
model, transition rates should be homogeneous distribution. 
For this reason, the event rate for status transition i during the 
time between the nith event and the (ni+1)th event, ,

ˆ
ii n�  could 

be estimated by the following (1).  
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If the time intervals show a trend (e.g. the initial failure, the 
wear-out failure) with the large number of history data, ,
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Step  3. Estimation of  the next failure time 

Fig. 4. The state transition diagram of relative shaft vibration 

Fig. 4 depicts the state transition diagram of relative shaft 
vibration.  In the above figure, the first expected time visit to 
state 2 from state 0, i.e. The Expected time interval between 
recently data and next Failure (EF1) when the present state is 
good vibration performance, could be estimated by the 
following formula: 
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 (3) 

The Expected time interval between recently data and next 
Failure (EF2) when the present status is a warning alarm (i.e. 
state 1) could be estimated by the following formula: 

                                      
1

2 1
1,

1EF EF
n�

� �  (4) 

V. CASE STUDY

For a case study, we generated the data on shaft vibration of 
a gas compressor including 200 status transitions records.  The 
generated data includes 79 status transition records from good 
vibration performance to a warning alarm, 41 status transition 
records from a warning alarm to a trip, 38 status transition 
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records from a warning to good vibration performance, and 41 
status transition records from a trip to good vibration 
performance. So we obtain the following values: 

1 2 3 479,   41,   38,   41n n n n� � � � .

The state transition diagram with this data is depicted in Fig. 
5. 

Fig. 5. Example of state transition diagram of relative shaft vibration 

If the present status is a good vibration performance, the 
EF1 could be estimated as follows: 

1 2

1 0.0844 1 1 1EF ( )
0.0410 0.0833 0.0537 0.0833 0.04100.0833 1

0.0410 0.0833

 �� � � � �� ��� �� � � �� �� ��� �� �

                    215.482( )days� . (5) 

If the present status is a warning alarm, the EF2 could be 
estimated as follows: 

                 
2

1EF 215.482 196.86( )
0.0537

days� � �  . (6) 

This approach is based on the uncertainty of S(P-P) values. It 
is very hard to predict that S(P-P) will increase or decrease. 
Therefore, we propose a stochastic method using continuous 
time Markov model. The results of the case study do not show 
a huge difference even though the present status is different for 
analysis, because fundamentally this approach is the method to 
multiply a probability of the next status and the retention time 
of the present status.  

Fig. 6 shows a screen shot of the currently developing 
prognosis maintenance system for a LNG FPSO gas 
compressor.  In this figure, the value of remaining life in the 
prognosis result could be obtained by the proposed algorithm. 

(7) 

Fig. 6. Screen shot of the developing maintenance system 

VI. CONCLUSION

 This study has dealt with the prognostic maintenance 
approach of an offshore plant equipment.  It has proposed how 
to estimate the next failure time of a gas compressor in a 
prognostic way.  How to estimate the next failure time based 
on gathered sensor data has been addressed based on 
continuous time Markov model.  Based on the gathered 
abnormal timestamp data, the next failure time of a gas 
compressor is estimated by continuous time Markov model.  
To show the usefulness of the proposed algorithm, an example 
based on generated shaft vibration sensor data was described in 
a case study.  Although the proposed algorithm has some 
limitations, it will help companies do the improved 
maintenance planning and decrease product downtime due to 
unexpected failures. 

We can think of several future research works.  First, the 
continuous time Markov model based prognostic algorithm 
could be applied to not only gas compressor but also other 
equipment considering its specific characteristics of failures.  
Furthermore, for the practical usage purpose, the more practical 
approach such as regression method could be developed for 
estimating the next failure time.  In addition, other probabilistic 
methods such as Bayesian network and artificial neural 
network could be applied to develop a more elaborated 
prognostic algorithm. 
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Abstract—We develop an integer linear programming tech-
nique for solving two variants of the standard vehicle rout-
ing problem. Given an initial feasible solution to be possibly
improved, the method follows a destruct-and-repair paradigm,
where the given initial solution is randomly destroyed and
repaired by solving an exact model, in an attempt to find a new
improved solution. The overall procedure can be considered as
a general framework which can be extended to cover several
problems in the field of combinatorial optimization.

I. INTRODUCTION

The standard vehicle routing problem (VRP) [27], is to
satisfy the demand of a given set of vertices using a fleet of
homogenous vehicles with side constraints. In particular, each
vehicle has to start and end its trip at a central depot and
visit a subset of vertices by taking into account, the limitation
on the capacity and travel time (length). Some variants of the
standard VRP are introduced in the literature. Among them
we can refer to the open VRP (OVRP) and the heterogeneous
fixed fleet VRP (HFFVRP).

OVRP is a variant of the “classical” (capacitated and
distance constrained) VRP in which the vehicles are not
required to return to the depot after completing their service. In
the HFFVRP the vehicles are different in type. In particular,
we are given a fixed number of vehicles of each type and
the problem is to assign vertices to different vehicle types to
minimize the total traveled length. These problems have many
practical applications and comparing to other variations of the
VRP has received less attention.

Solution procedures for different combinatorial optimiza-
tion problems can be based on exact or (meta) heuristic
algorithms. On the other hand, there are some methods that
incorporate both of these approaches to reach high quality
solutions in a reasonable CPU time. In this paper we present
a heuristic improvement procedure for OVRP and HFFVRP
based on Integer Linear Programming (ILP) techniques. Given
an initial feasible solution to be possibly improved, the pro-
cedure iteratively performs the following steps: (a) randomly

select several customers from the current solution, and build
the restricted solution obtained from the current one by extract-
ing (i.e., short-cutting) the selected customers; (b) reallocate
the extracted customers to the restricted solution by solving an
ILP problem, in the attempt of finding a new improved feasible
solution. This method has been proposed by De Franceschi et
al. [6] and deeply investigated by Toth and Tramontani [26] in
the context of the classical VRP. Here, we consider a simpler
version of this approach, which exploits no particular feature
of the addressed problem. The method follows a destruct-
and-repair paradigm, where the current solution is randomly
destroyed (i.e., customers are removed in a random way)
and repaired by following ILP techniques. Hence, the overall
procedure can be considered as a general framework which
could be extended to cover other variants of VRPs. The notion
of using ILP techniques to improve a feasible solution of a
combinatorial optimization problem has emerged in several
papers in the last few years. Addressing the split delivery
VRP, Archetti et al. [2] developed a heuristic algorithm that
integrates tabu search with ILP by solving integer programs to
explore promising parts of the solution space identified by a
tabu search heuristic. A similar approach has been presented by
Archetti et al. [1] for an inventory routing problem. Hewitt et
al. [14] proposed to solve the capacitated fixed charge network
flow problem by combining exact and heuristic approaches. In
this case as well a key ingredient of the method is to use ILP
to improve feasible solutions found during the search. Finally,
the idea of exploiting ILP to explore promising neighborhoods
of feasible solutions has been also investigated in the context
of general purpose integer programs; see, e.g., Fischetti and
Lodi [9] and Danna et al. [5]. The methods presented in [5]
and in [9] are currently embedded in the commercial mixed
integer programming solver CPLEX [15].

II. SOLUTION METHOD

Let z be a feasible solution of the OVRP or HFFVRP
defined on G = (V,E) where V = {0, 1, · · · , n}, node 0
represents the depot and V \ {0} is the set of customers.
For any given node subset F ⊂ V \ {0}, we define z(F)
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as the restricted solution obtained from z by extracting (i.e.,
by short-cutting) all the nodes v ∈ F . Let R be the set of
routes in the restricted solution, I = I(z,F) the set of all the
edges in z(F), and S = S(F) the set of all the sequences
which can be obtained through the recombination of nodes
in F (i.e., the set of all the elementary paths in F ). Each
edge i ∈ I is viewed as a potential insertion point which can
allocate one or more nodes in F through at most one sequence
s ∈ S. We say that the insertion point i = (a, b) ∈ I allocates
the nodes {vj ∈ F : j = 1, . . . , h} through the sequence
s = (v1, v2, . . . , vh) ∈ S, if the edge (a, b) in the restricted
solution is replaced by the edges (a, v1), (v1, v2), . . . , (vh, b)
in the new feasible solution. In the OVRP, since the restricted
routes, as well as the final ones, are open paths starting at the
depot, in addition to the edges of the restricted solution we
also consider the insertion points (called appending insertion
points in the following) i = (pr, 0), where pr denotes the last
customer visited by route r ∈ R, which allow to append any
sequence to the last customer of any restricted route. Further,
empty routes in the restricted solution are associated with
insertion points (0, 0).

For each sequence s ∈ S, c(s) and q(s) denote, re-
spectively, the cost of the elementary path corresponding
to s and the sum of the demands of the nodes in s. For
each insertion point i = (a, b) ∈ I and for each sequence
s = (v1, v2, . . . , vh) ∈ S, γsi denotes the extra-cost (i.e., the
extra-distance) for assigning sequence s to insertion point i in
its best possible orientation (i.e., γsi := c(s)−cab+min{cav1+
cvhb, cavh+cv1b}). Note that, for the appending insertion points
i = (pr, 0), γsi is computed as c(s) + min{cprv1 , cprvh}.
The extra-cost for assigning the sequence s to the insertion
point i = (0, 0) associated with an empty route is simply
c(s)+min{c0v1 , c0vh}. For each route r ∈ R, I(r) denotes the
set of insertion points associated with r, while q̃(r) and c̃(r)
denote, respectively, the total demand and the total distance
computed for route r, still in the restricted solution.

For each i ∈ I, Si ⊆ S denotes a sequence subset
containing the sequences which can be allocated to the specific
insertion point i. The definition of Si will be discussed later
in this section. Then, a neighborhood of the given solution z
can be formulated (and explored) by solving an ILP problem
(denoted as the Reallocation Model) based on the decision
variables

xsi =

{
1 if sequence s ∈ Si is allocated to i ∈ I ,
0 otherwise

(1)
which reads as follows:∑

r∈R
c̃(r) + min

∑
i∈I

∑
s∈Si

γsixsi (2)

subject to:
∑
i∈I

∑
s∈Si(v)

xsi = 1 v ∈ F , (3)

∑
s∈Si

xsi ≤ 1 i ∈ I , (4)

∑
i∈I(r)

∑
s∈Si

q(s)xsi ≤ Q− q̃(r) r ∈ R , (5)

∑
i∈I(r)

∑
s∈Si

γsixsi ≤ D − c̃(r) r ∈ R , (6)

xsi ∈ {0, 1} i ∈ I, s ∈ Si , (7)

where, for any i ∈ I and v ∈ F , Si(v) ⊆ Si denotes the set
of sequences covering customer v which can be allocated to
insertion point i. The objective function (2), to be minimized,
gives the traveling cost of the final OVRP or HFFVRP solution.
Constraints (3) impose that each extracted node belongs to
exactly one of the selected sequences, i.e., that it is covered
exactly once in the final solution. Constraints (4) avoid to
allocate two or more sequences to the same insertion point.
Finally, constraints (5) and (6) impose that each route in the
final solution fulfills the capacity and distance restrictions,
respectively. Note that, if there is a non-null fixed cost F
associated with the vehicles, it can be taken into account by
simply adding F to the cost of the edges incident at the depot
node.

The Reallocation Model (2)–(7) defines a neighborhood of
a given solution z which depends on the extracted nodes F
and on the subsets Si (i ∈ I). In particular, for any given F ,
the choice of Si is a key factor in order to allow an effective
exploration of the solution space in the neighborhood of the
given solution. The subsets Si are built by following a column
generation approach: we initialize the Linear Programming
(LP) relaxation of the Reallocation Model (LP-RM) with a
subsets of variables with small insertion cost, and afterwards
we iteratively solve the column generation problem associated
with LP-RM, adding other variables with small reduced cost.
The overall procedure for building the subsets S i can be
described as follows.

1) (Initialization) For each insertion point i = (a i, bi) ∈
I, initialize subset Si with the basic sequence ex-
tracted from i (i.e., the, possibly empty, sequence
of nodes connecting node ai and bi in the given
solution z) plus the feasible singleton sequence with
the minimum insertion cost (i.e., the sequence (v),
with v ∈ F , with the minimum extra-cost among all
the singleton sequences which can be allocated to i
without violating the capacity and distance restric-
tions for the restricted route containing i). Initialize
LP-RM with the initial set of variables corresponding
to the current subsets Si, and solve LP-RM.

2) (Column generation) For each insertion point i ∈ I,
solve the column generation problem associated with
i, adding to Si all the sequences s corresponding to
elementary paths in F , whose associated variables
xsi have a reduced cost rcsi under a given threshold
RCmax (i.e., variables xsi such that rcsi ≤ RCmax).
If at least one sequence/variable has been added,
solve the new LP-RM and repeat step 2. Otherwise
terminate.

For any fixed insertion point i ∈ I, the column generation
problem associated with i in LP-RM is a Resource Constrained
Elementary Shortest Path Problem (RCESPP), which usually
arises in the Set Partitioning formulation of the classical VRP
(see, e.g., Feillet et al. [8] and Righini and Salani [20]). Here,
for each insertion point i ∈ I, we solve the corresponding
RCESPP through a simple greedy heuristic, with the aim
of finding as many variables with small reduced cost as
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possible. Hashing techniques are used to avoid the generation
of duplicated variables.

Note that each subset Si contains the basic sequence
extracted from insertion point i, and hence the current solution
can always be obtained as a new feasible solution of the
Reallocation Model.

The column generation problem for LP-RM associated
with any insertion point i ∈ I is a Resource Constrained
Elementary Shortest Path Problem (RCESPP) defined on
graph G̃(i, π̃), whose size strictly depends on |F|. The
orientation of G̃(i, π̃) is required only when the considered
i = (ai, bi) ∈ I is an appending insertion point (i.e., b i is
the depot node). Even in this case, the column generation
problem could be addressed on a mixed graph, where only
the edges incident at the depot are replaced by directed arcs
(of different cost and weight) entering and leaving the depot.
In the general case, G̃(i, π̃) contains negative cycles (i.e.,
cycles in which the sum of the costs c′a associated with the
arcs and the costs q′v associated with the nodes is negative):
indeed, while dual variables π2

i , π
3
r , π

4
r are non positive, dual

variables π1
v are free and usually assume positive values.

Positive values of variables π1
v can lead to negative node costs

q′v and to negative cycles in graph G̃(i, π̃). Therefore, the
column generation problem in LP-RM is strongly NP-hard.

In order to find a promising set of variables for the
Reallocation Model in a short computing time, we solve the
RCESPP associated with each insertion point through a simple
heuristic. We say that a node v ∈ F is feasible for i ∈ I if the
singleton sequence (v) can be allocated to i without violating
the capacity and distance restrictions on the restricted route r i.
For any given insertion point i = (ai, bi) ∈ I, we first build a
reduced graph G̃(i, π̃), obtained by considering only nodes a i,
bi and the nf feasible nodes of F with smallest insertion cost
(i.e., the nf feasible nodes vk ∈ F , k = 1, . . . , nf , whose
associated singleton sequences (vk) have the smallest extra-
cost for i). Then, on the reduced graph G̃(i, π̃), we apply the
following simple heuristic:

1) Find an initial feasible path P = (ai, v, bi), in
G̃(i, π̃).

2) Evaluate all the 1-1 feasible exchanges between each
node w ∈ Vi \ VP and each node v ∈ VP , and
select the best one (with respect to the cost of the
corresponding path); if this exchange leads to an
improvement, perform it and repeat step 2.

3) Evaluate all the feasible insertions of each node w ∈
Vi \ VP in each arc (v1, v2) ∈ AP and select the
best one; if no feasible insertion exists, terminate;
otherwise, force such an insertion even if it leads to
a worse path and repeat step 2.

Whenever a new path in G̃(i, π̃) is generated , the corre-
sponding sequence is added to Si if the reduced cost of xsi is
smaller than a given threshold RCmax.

III. COMPUTATIONAL RESULTS

In this section we provide some computational tests in
order to evaluate the performance of the proposed solution
technique.

A. Computational Results for the OVRP

The performance of the Heuristic Improvement Procedure
(HIP) described in the previous sections was evaluated on the
16 benchmark instances usually addressed in the literature,
taken from Christofides et al. [4] (instances C1–C14) and
from Fisher [10] (instances F11–F12), and on the 8 large
scale benchmark instances proposed by Li et al. [17], and
also addressed by Derigs and Reuter [7] (instances O1–O8).
The number of customers of C1–C14 and F11–F12 ranges
from 50 to 199. C1–C5, C11–C12 and F11–F12 have only
capacity constraints, while C6–C10 and C13–C14 are the
same instances as C1–C5 and C11–C12, respectively, but with
both capacity and distance constraints. Instances O1–O8 have
no distance restrictions and a number of customers varying
from 200 to 480. As usual, for the problems with distance
constraints, the route duration limit D is taken as the original
value for the classical VRP multiplied by 0.9.

HIP needs an initial solution to be given, which in principle
could be computed through any available constructive heuristic
algorithm. We decided to run HIP starting from an extremely-
good feasible solution available from the literature (in several
cases, the best known solution reported in the literature), with
the aim of attempting to improve it (this is of course impossible
if the initial solution is provably optimal, as it is the case for
some of them). In particular, we considered as initial solutions
the ones obtained by Fu et al. [12], [13], Pisinger and Ropke
[19], Derigs and Reuter [7] and Fleszar et al. [11].

The computational results are reported in Tables I–III. All
the CPU times are expressed in seconds, and all the solution
costs have been computed in double precision.

Table I reports the computational results on the 16 instances
C1–C14 and F11–F12 obtained by starting from the solutions
provided by Fu, Eglese and Li and obtained through the
algorithm proposed in [12]. In some cases, several solutions
are provided for the same instance, obtained by using slightly
different versions of their algorithm, with the same number
of routes and different traveling cost. Among the different
solutions for the same instance, we considered as initial
solution for HIP the best one provided. For instances C1 and
F11, all the solutions available from [12], [13] are provably
optimal (see, e.g., Letchford et al. [16]) and cannot be further
improved. Thus, these instances were not considered in this set
of experiments. The first column gives the instance name (Pb).
Columns 2–3 report the number of vehicles used in the initial
solution (m) and the cost of the best known solution using the
same number of vehicles (P.best). Columns 4–5 report the cost
of the initial solution (cost) and the corresponding percentage
deviation w.r.t. the best known value (%dev), computed as
100*(cost-P.best)/P.best. Then, for each of the 5 runs of the
algorithm, we report the final solution cost provided by HIP
and the corresponding percentage deviation (again computed
w.r.t. the best known value). When HIP was not able to
improve on the initial solution, we mark with a “—” the
final solution cost. Finally, we report the best, the worst and
the average result out of the 5 different runs. Final solution
costs equal to the previously best known ones are underlined,
new best solutions are in bold face, while provably optimal
solutions, taken from Letchford et al. [16], are marked with
an ∗.
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Table II reports the computational results on the same
instances by starting from the best available solutions among
the ones obtained by Fu et al. [12], [13], Pisinger and Ropke
[19], Derigs and Reuter [7] and Fleszar et al. [11]. The table
has the same structure as Table I. For instances C5, C7, C9,
C13 and C14, the best available solutions for the case F = ∞
and the case F = 0 are different. In such cases, we considered
both the solutions as initial solutions for HIP. For instances C1,
C3, C12 and F11, all the solutions available from [7], [11]
and [19] are provably optimal and hence these instances were
not considered in this set of experiments.

Finally, Table III reports the computational results on the
8 large scale instances O1–O8 by starting from the solutions
provided by Derigs and Reuter [7]. The table has the same
structure as Table I, but the CPU time related to the initial
solution (column 2 in the lower part of the table) was obtained
on a Pentium IV 2.8 GHz.

The tables show that HIP is able to improve even
extremely-good quality solutions, obtained by some of the
most effective metaheuristic techniques proposed for OVRP.
Taking into account the different performance of the processors
used for testing the different algorithms, the overall computing
time required by HIP is comparable with the others reported
in the tables, and in several cases the final improved solution
is found very quickly. Our test-bed concerns in practice 35
different, non provably optimal, initial solutions which could
be possibly improved, corresponding to 22 different instances.
By considering the best result from among the 5 different runs
executed for each of these 35 initial solutions, HIP improves on
the initial solution in 22 cases. For these cases, HIP reaches 6
times the previously best known solution (provably optimal in
2 cases), while finds 12 times a new best solution. Considering
the 13 initial solutions which HIP does not improve, it is worth
noting that all these solutions are the best known ones in the
literature (for the case F = ∞ or F = 0). Looking at the
different runs executed for each initial solution, we can note
that in some cases the results depend on the seed used for
the random generator. However, the method is overall quite
consistent since, by considering all the tested initial solutions,
the average computing time and the average final percentage
deviation are only slightly affected by the choice of the seed.

In order to look for possible better solutions, we
performed some additional experiments. In particular, after
the first 5,000 iterations, we ran HIP for 2,000 more iterations
with a slightly different parameter setting. Starting from the
solutions provided by Fu et al. [13], for instance C5 with
17 vehicles, after 5220 iterations and 237.4 seconds HIP
found a solution of cost 868.44 that corresponds to a further
improvement on the previous best known solution. Finally,
still starting from the solutions by Fu et al. [13], we ran
HIP with a different tuning of parameter p, to investigate
how the neighborhood size affects the overall performance of
the method, both in terms of quality of the solutions found
and of CPU time. Let zavg(p̄) be the average final solution
cost obtained on the 14 instances C2–C14 and F12 with
p = p̄, and let ttimeavg(p̄) be the corresponding average
CPU time in seconds. With p = 0.3, p = 0.5 and p = 0.7
we obtained the following results: zavg(0.3) = 684.55
and ttimeavg(0.3) = 71.9, zavg(0.5) = 681.94 and
ttimeavg(0.5) = 262.8, zavg(0.7) = 683.32 and

ttimeavg(0.7) = 460.0. As expected, the average CPU
time consistently increases with the number of extracted
customers, while the best solution costs are obtained with
the default setting of p (i.e., p = 0.5), thus indicating that
extracting too many customers leads in general to worse
solutions (i.e., zavg(0.7) > zavg(0.5)). This is not completely
surprising, and it is essentially due to the column generation
heuristic, which falls in troubles in finding good variables for
the Reallocation Model when the current solution has been
almost completely “destroyed” by the removal of too many
customers.

B. Computational Results for the HFFVRP

To test the performance of the HIP algorithm, we use the
classical instances developed by Tailard for the HFFVRP [21].
Here, there are a set of 8 instances whose size range from 50 to
100 vertices and are numbered from 13 to 20. It is worth noting
that the coordinates and the demand of the studied problems
are taken from Christofides and Eilon [3] which are generated
randomly.

Tables IV to VI give the results obtained by our proposed
algorithm when starting from the best solutions found by
the algorithms proposed by Tarantilis et al. [24], Tarantilis
et al. [25] and Li et al. [18], respectively. In these tables,
the second column gives the cost of the best known solution
found for each problem, while the third column shows the cost
of the initial solution proposed in the corresponding paper.
The column labeled by “Final solution cost” gives the cost of
the solution, after applying our proposed ILP-based method.
Moreover, the last two columns, represent the solution time,
i.e. the time needed to find the best solution, and the total
running time of our proposed algorithm, respectively.

Computational results on 18 different initial solutions,
which their costs are not the best knowns available in the
literature, show that the proposed algorithm is able to improve
almost all of the initial solutions, but one, while in 8 cases
the best known results have been acheived. The rest of the
instances, for which the algorithm is not able to improve the
initial solutions, are the best known results available in the
literature and could possibly be the optimal ones.

IV. CONCLUSION

We have proposed an ILP-based heuristic procedure for the
OVRP and HFFVRP that could be used as a complementary
tool to improve the quality of the available methods. In this
approach, it is supposed to be given an initial feasible solution.
The method follows a destruct-and-repair paradigm in which
the initial solution is destroyed and repaired by solving an ILP-
based model to optimality. This method is a general approach
which could be adapted to the other variants of the VRPs.
Computational results on the classical benchmark instances,
indicated the effectiveness of the proposed method. Future
direction of the work could be investigating more sophisticated
approaches for the column generation heuristic procedure.
Moreover, the overall procedure could be easily adapted to
many problems in the field of combinatorial optimization. In
particular, we suggest to adapt this technique to other variants
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of the standard vehicle routing problem, as, for example, multi-
depot vehicle routing problem and vehicle routing problem
with backhauls.

REFERENCES

[1] C. Archetti, L. Bertazzi, A. Hertz and M.G. Speranza: A hybrid heuristic
for an inventory-routing problem. Technical Report n. 317, University of
Brescia, Brescia, Italy (2009)

[2] C. Archetti, M.G. Speranza and M.W.P Savelsbergh: An optimization-
based heuristic for the split delivery vehicle routing problem. Trans-
portation Science 42, 22–31 (2008)

[3] N. Christofides and S. Eilon: An algorithm for the vehicle-dispatching
problem. Operational Research Quarterly 20, 309–318 (1969)

[4] N. Christofides, A. Mingozzi and P. Toth.: The vehicle routing problem.
In: N. Christofides, A. Mingozzi, P. Toth and C. Sandi. (eds.), Combi-
natorial Optimization, pp. 313–338. Wiley, Chichester (1979)

[5] E. Danna, E. Rothberg and C. Le Pape: Exploring relaxation induced
neighborhoods to improve MIP solutions. Mathematical Programming
102, Ser. A, 71–90 (2005)

[6] R. De Franceschi, M. Fischetti and P. Toth: A new ILP-based refinement
heuristic for vehicle routing problems. Mathematical Programming 105,
471–499 (2006)

[7] U. Derigs and K. Reuter: A simple and efficient tabu search heuristic
for solving the open vehicle routing problem. Journal of the Operational
Research Society 60, 1658–1669 (2008)

[8] D. Feillet, P. Dejax, M. Gendreau and C. Gueguen: An exact algorithm
for the elementary shortest path problem with resource constraints:
Application to some vehicle routing problems. Networks 44, 216–229
(2004)

[9] M. Fischetti and A. Lodi: Local branching. Mathematical Programming
98, Ser. B, 23–47 (2003)

[10] M. Fisher: Optimal solutions of vehicle routing problems using minimum
k-trees. Operations Research 42, 626–642 (1994)

[11] K. Fleszar, I.H. Osman and K.S. Hindi: A variable neighbourhood
search for the open vehicle routing problem. European Journal of
Operational Research 195, 803–809 (2009)

[12] Z. Fu, R. Eglese and L.Y.O. Li: A new tabu search heuristic for the open
vehicle routing problem. Journal of the Operational Research Society 56,
267–274 (2005)

[13] Z. Fu, R. Eglese and L.Y.O. Li: Corrigendum: A new tabu search
heuristic for the open vehicle routing problem. Journal of the Operational
Research Society 57, 1018 (2006)

[14] M. Hewitt, G.L. Nemhauser and M.W.P. Savelsbergh: Combining exact
and heuristic approaches for the capacitated fixed charge network flow
problem. INFORMS Journal on Computing 22, 314–325 (2010)

[15] IBM ILOG Cplex, http://www.ilog.com

[16] A.N. Letchford, J. Lysgaard and R.W. Eglese: A branch-and-cut algo-
rithm for the capacitated open vehicle routing problem. Journal of the
Operational Research Society 58, 1642–1651 (2007)

[17] F. Li, B. Golden and E. Wasil: The open vehicle routing problem: Algo-
rithms, large-scale test problems, and computational results. Computers
& Operations Research 34, 2918–2930 (2007)

[18] X. Li, P. Tian and Y.P. Aneja: An adaptive memory programming
metaheuristic for the heterogeneous fixed fleet vehicle routing problem.
Transportation Research Part E. 46, 1111–1127 (2010)

[19] D. Pisinger and S. Ropke: A general heuristic for vehicle routing
problems. Computers & Operations Research 34, 2403–2435 (2007)

[20] G. Righini and M. Salani: New dynamic programming algorithms for
the resource constrained elementary shortest path problem. Networks 51,
155–170 (2008)

[21] E. Taillard: A heuristic column generation method for the heterogeneous
fleet VRP. RAIRO 33(1), 1–14 (1999)

[22] C.D. Tarantilis, G. Ioannou, C.T. Kiranoudis and G.P. Prastacos:
A threshold accepting approach to the open vehicle routing problem.
RAIRO Operations Research 38, 345–360 (2004)

[23] C.D. Tarantilis, G. Ioannou, C.T. Kiranoudis and G.P. Prastacos,
G.P.: Solving the open vehicle routing problem via a single parameter
metaheuristic algorithm. Journal of the Operational Research Society 56,
588–596 (2005)

[24] C. Tarantilis, C. Kiranoudis and V. Vassiliadis: A list based threshold
accepting metaheuristic for the heterogeneous fixed fleet vehicle routing
problem. Journal of the Operational Research Society. 54, 65–71 (2003)

[25] C. Tarantilis, C. Kiranoudis and V. Vassiliadis: A threshold accepting
metaheuristic for the heterogeneous fixed fleet vehicle routing problem.
European Journal of Operational Research. 152, 148–58 (2004)

[26] P. Toth and A. Tramontani: An integer linear programming local search
for capacitated vehicle routing problems. In: Golden, B., Raghavan S.,
Wasil, E. (eds.), The Vehicle Routing Problem: Latest Advances and New
Challenges, pp. 275–295. Springer, New York (2008)

[27] P. Toth and D. Vigo editors. The vehicle routing problem. Monographs
on Discrete Mathematics and Applications. SIAM, Philadelphia, PA,
(2002).

249



TA
B

L
E

I.
C

O
M

P
U

T
A

T
IO

N
A

L
R

E
S

U
L

T
S

O
N

T
H

E
“C

L
A

S
S

IC
A

L
”

16
B

E
N

C
H

M
A

R
K

IN
S

T
A

N
C

E
S

S
T

A
R

T
IN

G
F

R
O

M
T

H
E

S
O

L
U

T
IO

N
S

B
Y

F
U

E
T

A
L

.[
12

],
[1

3]
.C

P
U

T
IM

E
S

A
R

E
E

X
P

R
E

S
S

E
D

IN
S

E
C

O
N

D
S
.

In
iti

al
R

un
1

R
un

2
R

un
3

R
un

4
R

un
5

B
es

t
W

or
st

A
ve

ra
ge

Pb
m

P.
be

st
co

st
%

de
v

co
st

%
de

v
co

st
%

de
v

co
st

%
de

v
co

st
%

de
v

co
st

%
de

v
co

st
%

de
v

co
st

%
de

v
co

st
%

de
v

C
2

10
56

7.
14

56
7.

14
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

56
7.

14
0.

00
56

7.
14

0.
00

56
7.

14
0.

00
C

3
8

∗ 63
9.

74
64

1.
88

0.
33

∗ 63
9.

74
0.

00
64

0.
42

0.
11

64
0.

42
0.

11
64

0.
42

0.
11

64
0.

42
0.

11
∗ 63

9.
74

0.
00

64
0.

42
0.

11
64

0.
28

0.
08

C
4

12
73

3.
13

73
8.

94
0.

79
73

3.
13

0.
00

73
3.

13
0.

00
73

3.
13

0.
00

73
3.

13
0.

00
73

3.
13

0.
00

73
3.

13
0.

00
73

3.
13

0.
00

73
3.

13
0.

00
C

5
17

86
9.

25
87

8.
95

1.
12

86
8.

81
-0

.0
5

86
8.

81
-0

.0
5

86
8.

81
-0

.0
5

86
8.

81
-0

.0
5

86
8.

81
-0

.0
5

86
8.

81
-0

.0
5

86
8.

81
-0

.0
5

86
8.

81
-0

.0
5

C
6

6
41

2.
96

41
2.

96
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

41
2.

96
0.

00
41

2.
96

0.
00

41
2.

96
0.

00
C

7
11

56
8.

49
56

8.
49

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
56

8.
49

0.
00

56
8.

49
0.

00
56

8.
49

0.
00

C
8

9
64

4.
63

64
6.

31
0.

26
64

4.
63

0.
00

64
4.

63
0.

00
64

4.
63

0.
00

64
4.

63
0.

00
64

4.
63

0.
00

64
4.

63
0.

00
64

4.
63

0.
00

64
4.

63
0.

00
C

9
14

75
6.

14
76

1.
28

0.
68

75
6.

14
0.

00
75

6.
14

0.
00

75
6.

38
0.

03
75

6.
38

0.
03

75
6.

14
0.

00
75

6.
14

0.
00

75
6.

38
0.

03
75

6.
24

0.
01

C
10

17
87

5.
07

90
3.

10
3.

20
87

8.
54

0.
40

87
9.

13
0.

46
87

7.
47

0.
27

88
0.

25
0.

59
87

9.
68

0.
53

87
7.

47
0.

27
88

0.
25

0.
59

87
9.

01
0.

45
C

11
7

68
2.

12
71

7.
15

5.
14

68
3.

64
0.

22
68

5.
20

0.
45

68
5.

20
0.

45
68

2.
83

0.
10

68
2.

83
0.

10
68

2.
83

0.
10

68
5.

20
0.

45
68

3.
94

0.
27

C
12

10
∗ 53

4.
24

53
4.

71
0.

09
∗ 53

4.
24

0.
00

∗ 53
4.

24
0.

00
∗ 53

4.
24

0.
00

∗ 53
4.

24
0.

00
∗ 53

4.
24

0.
00

∗ 53
4.

24
0.

00
∗ 53

4.
24

0.
00

∗ 53
4.

24
0.

00
C

13
12

89
6.

50
91

7.
90

2.
39

89
4.

19
-0

.2
6

89
7.

37
0.

10
89

6.
66

0.
02

89
7.

37
0.

10
89

6.
14

-0
.0

4
89

4.
19

-0
.2

6
89

7.
37

0.
10

89
6.

35
-0

.0
2

C
14

11
59

1.
87

60
0.

66
1.

49
59

1.
87

0.
00

59
1.

87
0.

00
59

1.
87

0.
00

59
1.

87
0.

00
59

1.
87

0.
00

59
1.

87
0.

00
59

1.
87

0.
00

59
1.

87
0.

00
F1

2
7

76
9.

66
77

7.
07

0.
96

76
9.

55
-0

.0
1

77
0.

38
0.

09
76

9.
55

-0
.0

1
77

0.
38

0.
09

77
0.

38
0.

09
76

9.
55

-0
.0

1
77

0.
38

0.
09

77
0.

05
0.

05

av
g.

1.
18

0.
02

0.
08

0.
06

0.
07

0.
05

0.
00

0.
09

0.
06

TA
B

L
E

II
.

C
O

M
P

U
T

A
T

IO
N

A
L

R
E

S
U

L
T

S
O

N
T

H
E

“C
L

A
S

S
IC

A
L

”
16

B
E

N
C

H
M

A
R

K
IN

S
T

A
N

C
E

S
S

T
A

R
T

IN
G

F
R

O
M

T
H

E
B

E
S

T
A

V
A

IL
A

B
L

E
S

O
L

U
T

IO
N

S
.C

P
U

T
IM

E
S

A
R

E
E

X
P

R
E

S
S

E
D

IN
S

E
C

O
N

D
S
.

In
iti

al
R

un
1

R
un

2
R

un
3

R
un

4
R

un
5

B
es

t
W

or
st

A
ve

ra
ge

Pb
m

P.
be

st
co

st
%

de
v

co
st

%
de

v
co

st
%

de
v

co
st

%
de

v
co

st
%

de
v

co
st

%
de

v
co

st
%

de
v

co
st

%
de

v
co

st
%

de
v

C
2

10
56

7.
14

56
7.

14
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

56
7.

14
0.

00
56

7.
14

0.
00

56
7.

14
0.

00
C

4
12

73
3.

13
73

3.
13

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
73

3.
13

0.
00

73
3.

13
0.

00
73

3.
13

0.
00

C
5

16
87

9.
37

89
6.

08
1.

90
89

2.
37

1.
48

89
2.

37
1.

48
89

2.
37

1.
48

89
2.

37
1.

48
89

2.
37

1.
48

89
2.

37
1.

48
89

2.
37

1.
48

89
2.

37
1.

48
C

5
17

86
9.

24
86

9.
24

0.
00

86
8.

93
-0

.0
4

86
8.

93
-0

.0
4

86
9.

00
-0

.0
3

86
8.

93
-0

.0
4

86
8.

93
-0

.0
4

86
8.

93
-0

.0
4

86
9.

00
-0

.0
3

86
8.

94
-0

.0
3

C
6

6
41

2.
96

41
2.

96
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

41
2.

96
0.

00
41

2.
96

0.
00

41
2.

96
0.

00
C

7
10

58
3.

19
58

3.
19

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
58

3.
19

0.
00

58
3.

19
0.

00
58

3.
19

0.
00

C
7

11
56

8.
49

56
8.

49
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

56
8.

49
0.

00
56

8.
49

0.
00

56
8.

49
0.

00
C

8
9

64
4.

63
64

4.
63

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
64

4.
63

0.
00

64
4.

63
0.

00
64

4.
63

0.
00

C
9

13
75

7.
84

75
7.

84
0.

00
75

7.
73

-0
.0

1
75

7.
69

-0
.0

2
75

7.
70

-0
.0

2
75

7.
73

-0
.0

1
75

7.
73

-0
.0

1
75

7.
69

-0
.0

2
75

7.
73

-0
.0

1
75

7.
72

-0
.0

2
C

9
14

75
6.

14
75

6.
14

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
75

6.
14

0.
00

75
6.

14
0.

00
75

6.
14

0.
00

C
10

17
87

5.
07

87
5.

07
0.

00
87

4.
71

-0
.0

4
87

4.
71

-0
.0

4
87

4.
71

-0
.0

4
87

4.
71

-0
.0

4
87

4.
71

-0
.0

4
87

4.
71

-0
.0

4
87

4.
71

-0
.0

4
87

4.
71

-0
.0

4
C

11
7

68
2.

12
68

2.
12

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
68

2.
12

0.
00

68
2.

12
0.

00
68

2.
12

0.
00

C
13

11
90

4.
04

90
4.

04
0.

00
89

9.
16

-0
.5

4
89

9.
16

-0
.5

4
89

9.
16

-0
.5

4
89

9.
16

-0
.5

4
89

9.
16

-0
.5

4
89

9.
16

-0
.5

4
89

9.
16

-0
.5

4
89

9.
16

-0
.5

4
C

13
12

89
6.

50
91

7.
90

2.
39

89
4.

19
-0

.2
6

89
7.

37
0.

10
89

6.
66

0.
02

89
7.

37
0.

10
89

6.
14

-0
.0

4
89

4.
19

-0
.2

6
89

7.
37

0.
10

89
6.

35
-0

.0
2

C
14

11
59

1.
87

59
1.

87
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

59
1.

87
0.

00
59

1.
87

0.
00

59
1.

87
0.

00
C

14
12

58
1.

81
58

1.
81

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
58

1.
81

0.
00

58
1.

81
0.

00
58

1.
81

0.
00

F1
2

7
76

9.
66

76
9.

66
0.

00
76

9.
55

-0
.0

1
76

9.
55

-0
.0

1
—

0.
00

76
9.

55
-0

.0
1

—
0.

00
76

9.
55

-0
.0

1
76

9.
66

0.
00

76
9.

59
-0

.0
1

av
g.

0.
25

0.
03

0.
05

0.
05

0.
06

0.
05

0.
03

0.
06

0.
05

250



TA
B

L
E

II
I.

C
O

M
P

U
T

A
T

IO
N

A
L

R
E

S
U

L
T

S
O

N
T

H
E

8
L

A
R

G
E

S
C

A
L

E
B

E
N

C
H

M
A

R
K

IN
S

T
A

N
C

E
S

S
T

A
R

T
IN

G
F

R
O

M
T

H
E

S
O

L
U

T
IO

N
S

B
Y

D
E

R
IG

S
A

N
D

R
E

U
T

E
R

[7
].

C
P

U
T

IM
E

S
A

R
E

E
X

P
R

E
S

S
E

D
IN

S
E

C
O

N
D

S
.

In
iti

al
R

un
1

R
un

2
R

un
3

R
un

4
R

un
5

B
es

t
W

or
st

A
ve

ra
ge

Pb
m

P.
be

st
co

st
%

de
v

co
st

%
de

v
co

st
%

de
v

co
st

%
de

v
co

st
%

de
v

co
st

%
de

v
co

st
%

de
v

co
st

%
de

v
co

st
%

de
v

O
1

5
60

18
.5

2
60

18
.5

2
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

60
18

.5
2

0.
00

60
18

.5
2

0.
00

60
18

.5
2

0.
00

O
2

9
45

84
.5

5
45

84
.6

9
0.

00
45

73
.5

3
-0

.2
4

45
73

.5
3

-0
.2

4
45

73
.5

3
-0

.2
4

45
73

.5
3

-0
.2

4
45

73
.5

3
-0

.2
4

45
73

.5
3

-0
.2

4
45

73
.5

3
-0

.2
4

45
73

.5
3

-0
.2

4
O

3
7

77
31

.4
6

77
31

.4
6

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
77

31
.4

6
0.

00
77

31
.4

6
0.

00
77

31
.4

6
0.

00
O

4
10

72
60

.5
9

72
60

.5
9

0.
00

72
59

.8
1

-0
.0

1
72

53
.9

1
-0

.0
9

72
53

.9
1

-0
.0

9
72

53
.2

0
-0

.1
0

72
51

.7
4

-0
.1

2
72

51
.7

4
-0

.1
2

72
59

.8
1

-0
.0

1
72

54
.5

1
-0

.0
8

O
5

9
91

67
.1

9
91

67
.1

9
0.

00
91

65
.4

0
-0

.0
2

91
56

.7
4

-0
.1

1
91

57
.4

2
-0

.1
1

91
59

.2
2

-0
.0

9
91

59
.2

2
-0

.0
9

91
56

.7
4

-0
.1

1
91

65
.4

0
-0

.0
2

91
59

.6
-0

.0
8

O
6

9
98

03
.8

0
98

05
.4

5
0.

02
—

0.
02

—
0.

02
—

0.
02

—
0.

02
98

04
.2

5
0.

00
98

04
.2

5
0.

00
98

05
.4

5
0.

02
98

05
.2

1
0.

01
O

7
10

10
34

8.
57

10
34

8.
57

0.
00

10
34

4.
37

-0
.0

4
10

34
4.

37
-0

.0
4

10
34

4.
37

-0
.0

4
10

34
4.

37
-0

.0
4

10
34

4.
37

-0
.0

4
10

34
4.

37
-0

.0
4

10
34

4.
37

-0
.0

4
10

34
4.

37
-0

.0
4

O
8

10
12

42
0.

16
12

42
0.

16
0.

00
—

0.
00

—
0.

00
—

0.
00

—
0.

00
—

0.
00

12
42

0.
16

0.
00

12
42

0.
16

0.
00

12
42

0.
16

0.
00

av
g.

0.
00

-0
.0

4
-0

.0
6

-0
.0

6
-0

.0
6

-0
.0

6
-0

.0
6

-0
.0

4
-0

.0
5

TA
B

L
E

IV
.

S
T

A
R

T
IN

G
S

O
L

U
T

IO
N

:T
A

R
A

N
T

IL
IS

E
T

A
L

.[
24

].

Pr
ob

le
m

B
es

t
kn

ow
n

so
lu

tio
n

In
iti

al
so

lu
tio

n
co

st
Fi

na
l

so
lu

tio
n

co
st

So
lu

tio
n

tim
e

To
ta

l
tim

e
13

15
17

.8
4

15
19

.9
6

15
17

.8
4

0.
05

60
.0

0
14

60
7.

53
61

2.
51

60
7.

53
0.

01
60

.0
0

15
10

15
.2

9
10

17
.9

4
10

15
.2

9
7.

23
60

.0
0

16
11

44
.9

4
11

48
.1

9
11

46
.5

9
51

.1
9

60
.0

0
17

10
61

.9
6

10
71

.6
7

10
61

.9
6

52
.4

1
60

.0
0

18
18

23
.5

8
18

52
.1

3
18

37
.3

9
5.

67
60

.0
0

19
11

17
.5

1
11

25
.6

4
11

20
.3

4
10

.3
6

60
.0

0
20

15
34

.1
7

15
58

.5
6

15
56

.3
2

39
.3

7
60

.0
0

251



TA
B

L
E

V
.

S
T

A
R

T
IN

G
S

O
L

U
T

IO
N

:T
A

R
A

N
T

IL
IS

E
T

A
L

.[
25

].

Pr
ob

le
m

B
es

t
kn

ow
n

so
lu

tio
n

In
iti

al
so

lu
tio

n
co

st
Fi

na
l

so
lu

tio
n

co
st

So
lu

tio
n

tim
e

To
ta

l
tim

e
13

15
17

.8
4

15
19

.9
6

15
17

.8
4

0.
03

60
.0

0
14

60
7.

53
61

1.
39

60
7.

53
2.

15
60

.0
0

15
10

15
.2

9
10

15
.2

9
—

0.
00

60
.0

0
16

11
44

.9
4

11
45

.5
2

11
44

.9
4

0.
03

60
.0

0
17

10
61

.9
6

10
71

.0
2

10
63

.3
5

28
.9

8
60

.0
0

18
18

23
.5

8
18

46
.3

6
18

38
.4

2
58

.0
9

60
.0

0
19

11
17

.5
1

11
23

.8
3

11
21

.0
6

0.
86

60
.0

0
20

15
34

.1
7

15
56

.3
5

15
43

.0
5

25
.7

8
60

.0
0

TA
B

L
E

V
I.

S
T

A
R

T
IN

G
S

O
L

U
T

IO
N

:L
I

E
T

A
L

.[
18

].

Pr
ob

le
m

B
es

t
kn

ow
n

so
lu

tio
n

In
iti

al
so

lu
tio

n
co

st
Fi

na
l

so
lu

tio
n

co
st

So
lu

tio
n

tim
e

To
ta

l
tim

e
13

15
17

.8
4

15
25

.0
9

15
17

.8
4

10
.9

5
60

.0
0

14
60

7.
53

60
7.

53
—

—
60

.0
0

15
10

15
.2

9
10

15
.2

9
—

—
60

.0
0

16
11

44
.9

4
11

78
.9

6
11

60
.1

6
32

.9
1

60
.0

0
17

10
61

.9
6

10
61

.9
6

—
—

60
.0

0
18

18
23

.5
8

18
23

.5
8

—
—

60
.0

0
19

11
17

.5
1

11
20

.3
4

—
—

60
.0

0
20

15
34

.1
7

15
34

.1
7

—
—

60
.0

0

252



A Variable  

Neighborhood Search Algorithm for the Generalized 

Covering Salesman Problem  
 

Mohammad H. Shaelaiea, Zahra Naji-Azimib, Majid Salaria 

a: Department of Industrial Engineering  

Ferdowsi University of Mashhad  

Mashhad, Iran  
hesam_shaelaie@stu.um.ac.ir, msalari@um.ac.ir 

 
b: Department of Management 

Ferdowsi University of Mashhad  

Mashhad, Iran  
 

Abstract— We introduce the generalized covering salesman 

problem in which given a set of vertices including the depot, 

facility and customer vertices, the goal is to construct a minimum 

length cycle over a subset of facilities while covering a given 

number of customers. Essentially, a customer is covered when it 

is located within a pre-specified distance of a visited facility on 

the tour. The proposed problem has potential applications in 

humanitarian relief transportation and telecommunication 

networks. We propose a mathematical model and a variable 

neighborhood search for solving the problem. Computational 

tests on a set of randomly generated instances indicate the 

effectiveness of the proposed algorithm. 
 

Keywords— Traveling salesman problem; Covering salesman 

problem; Humanitarian relief transportation; Variable neighbor- 

hood search 

I.  INTRODUCTION  

The traveling salesman problem (TSP) is one of the most 

studied problems in the field of combinatorial optimization. 

Given a graph ),( ENG , the TSP is to find a minimum 

length Hamiltonian cycle of the vertices in N in which each 

vertex has to be visited exactly once [1]. 

The quota traveling salesman problem (QTSP) is a 

generalization of the TSP in which the salesman has to visit a 

given quota of vertices while minimizing the total travel cost 

[2], [3]. In this problem, each vertex has a pre-determined 

amount of prize that could be collected by the salesperson by 

being visited on the tour. The k-TSP is a special case of the 

QTSP in which each vertex has one unit of prize and the goal 

is to visit k vertices, in order to collect k units of prize [4], [5]. 

Introduced by Balas in 1989 [6], in the prize collecting 

traveling salesman problem (PCTSP) it is given a set of 

vertices in which each vertex has a pre-determined amount of 

prize. The goal of the PCTSP is to collect a certain amount of 

prize, while minimizing the routing and penalty costs. 

Essentially, the routing cost is the total distance travelled by 

the salesman and the penalty cost is the cost occurred by not 

visiting a vertex on the tour [6], [7]. 

Many variations of the standard TSP are introduced in the 

literature including the online TSP [8], the TSP with pickup-

and-delivery [9], clustered TSP [10], generalized TSP [11], 

[12], multi-depot multiple TSP [13] and etc. To the complete 

survey on the TSP and its variants, we refer the interested 

readers to the book by Gutin and Punnen [14]. 

There is a vast body of literature dedicated to covering  

problems. The purpose of such problems is to satisfy the 

customers’ demand in two different ways. Essentially, 

different customers’ demand can be provided at the same 

location at which they are located or it can be delivered at a 

destination within a pre-specified distance of the customer 

locations [15]. 

Several variations of the TSP with potential applications in 

route designing of the healthcare teams in developing 

countries [16], and applications from design of the distributed 

networks [17] have been introduced. In these two problems 

and some others which are proposed in the literature, there is 

no need to visit all the customers on the tour structure and the 

objectives can be satisfied by visiting a limited number of 

customers. As an example we can refer to the case of 

emergency management in which it is not possible for the 

medical team to visit all the customers on the tour. In such 

situation, a subset of customers can be visited on the tour and 

the rest of them are covered, i.e. located within a pre-specified 

distance of at least one visited customer. 

The covering salesman problem (CSP) is a generalization 

of the TSP in which we have to satisfy all the customers’ 

demand by visiting or covering them [18]. Essentially, for 

each customer, say i , it is given a covering radius id , within 

that all the located customers will be covered. The goal of the 

CSP is to construct a minimum length tour over a subset of the 

given customers such that each customer, not visited on the 

tour, is within the covering distance of at least one visited 

customer [18]. Many papers have discussed on the application 

of this problem and some of its generalization in the fields of 
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emergency management and disaster planning [19], [20], [21], 

[22]. 

What happens in reality when satisfying a given set of 

customers’ demand, is somehow different from the 

assumptions made in many problems, introduced in the 

literature. As an example, usually the distribution centers 

cannot be constructed at the same location at which the 

customer zones are located. Essentially, there can be a 

situation in which it is not possible for the health care team to 

assess the customer zone by vehicles. So, they need to locate 

the facilities in a location different from the customer zone. 

Moreover, in the QTSP case the customers can travel to a 

facility location to receive their demands. 

Taking into account the above assumptions, in this paper 

we propose a generalization of the TSP with applications in 

humanitarian relief transportation. Suppose we are given a set 

of vertices including a central depot, facility and customer 

vertices. Each customer i  has one unit of demand (prize) that 

will be satisfied when it is located within a certain coverage 

radius of at least one facility j  visited by the tour. Essentially, 

each facility j  has a coverage radius jd  within that all the 

available customers are covered. The goal of the problem is to 

construct a minimum length Hamiltonian cycle over a subset 

of facilities, while collecting the specified amount of prize P . 

The introduced problem is a generalization of the CSP, TSP, 

k-TSP and the QTSP and all applications already introduced 

for these problems could be easily extended to the new 

developed problem. Letting 21P , Fig.1 represents an 

example in which 4 facilities have been visited by the tour and 

21 customer vertices are covered by the visited facilities. 

 

 
Fig. 1.  An illustrative example of the problem. 

 

The paper is organized as follows. Section 2 develops a 

formal description of the problem. The details of the proposed 

solution method are provided in Section 3. Extensive 

computational tests for the studied problem and are reported in 

Section 4, followed by conclusion and future directions given 

in Section 5. 

II. PROBLEM MODELING 

The problem is defined on a directed graph ),( AVG , 

where TWV }0{  contains three sets of vertices 

including the depot, }0{ , the set of customers, W, and the set 

of facilities, T . Moreover, the set of arcs is given by 

}}0{,|),{( TjijiA . To each Aji ),(  is associated a 

travel cost represented by ijt  and each customer i  has a prize, 

ip , that will be covered by the tour when it is located within 

the predefined coverage distance of at least one routed facility. 

We denote by Ti those facilities that are able to cover customer 

i. The goal of the problem is to collect a pre-determined 

amount of prize, P, while minimizing the total traveled length. 

The decision variables to model the problem are defined as 

follows: 

 

Aji
otherwise

tourthebyvisitedisjiarcif
xij ),(

.0

),(1
 

 

TjWi

otherwise

jfacilitythetoallocatedis

icustomerofdemandtheif

zij ,

.0

1
 

 

Finally, for each Ti , iu  is a continuous variable 

representing the tour load before visiting vertex i. Here, we 

represent a node-based formulation for the studied problem. 

This kind of formulation, applies the well known Miller-

Tucker-Zemlin subtour elimination constraints proposed for 

the TSP [23], [24], [25]. 

 

Aji

ijij xt
),(

min                                                                     (1) 

Pzp
Wi Tj

iji

i

                                                                (2) 

Wiz
iTi

ij 1                                                          (3) 

1
}0{

0

Tj

jx                                                                        (4) 

}0{
}0{}0{




Tixx
Tj

ji

Tj

ij                                  (5) 

i

Tk

jk

Tk

kjij TjWixxz ,
}0{}0{ 

                      (6) 

TjiTXTuu ijji ,)1(                           (7) 

}0{,}1,0{ Tjixij                                            (8) 

iij TjWiz ,}1,0{                                              (9) 
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The objective function (1) is to minimize the total traveling 

cost. Constraint (2) assures the total collected prize, by the 
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eligible facilities, to be greater than or equal to the pre-

specified value P. For each Wi , constraint (3) assures 

customer i  to be allocated to at most one facility iTj . 

Constraint (4) makes sure that the tour to be started from the 

depot, followed by the in-degree and out-degree constraints 

(for each }0{Ti ) represented by constraints set (5). For 

each customer i  and facility iTj , constraint (6) shows that, 

i  could be allocated to j  only if j  is visited by the tour. 

Constraint set (7) models the sub-tour elimination constraints. 

Finally, constraints (8) to (10) define the model variables. 

 

III. SOLUTION METHOD 

Proposed by Mladenović and Hansen [26], the variable 

neighborhood search (VNS) is a metaheuristic algorithm that 

explicitly applies a strategy based on dynamically changing 

neighborhood structures. A VNS algorithm is developed for 

the introduced problem. The general framework of the VNS 

algorithm for the introduced problem is given in Algorithm 1.  

The algorithm starts to construct an initial solution  

(CurrentSolution) by applying the randomized variation of the 

nearest neighbor algorithm, proposed for the traveling 

salesman problem [27]. Starting from the depot, at each step 

of this procedure the next facility to be visited by the tour is 

randomly selected from those that are among the three nearest 

facilities of the last visited vertex covering at least one unit of 

unsatisfied demand. The algorithm keeps adding the facilities 

to the tour, as long as the total collected prize is less than P. 

Finally, the tour will be terminated by visiting the depot as the 

last vertex of the tour.  

The algorithm improves upon this initial solution by 

applying the 2-Opt and drop-and-add procedures. By applying 

the 2-opt procedure, the goal is to improve the tour length by 

changing the order of the facilities visited by the tour. Within 

the drop-and-add procedure, a facility is extracted from its 

location in the tour. In case of feasibility and improving the 

objective function, the extracted facility will not be reinserted 

in the tour, otherwise, the algorithm searches for the best 

feasible substitution from the N facilities nearest to the 

extracted one with the minimum extra insertion cost. 

Essentially, all sequences consisting of one or two facilities 

are generated and the best feasible substitution leading to an 

improvement in the objective function will be implemented, 

otherwise, in case of having a worse solution, the extracted 

facility is put back into its original place. The improvement of 

the solution continues in a loop until the termination criteria is 

met which is a given number of iterations (ρ) without having 

an improvement in the cost of the best known solution. The 

loop contains a shaking procedure and the local search 

procedures (2-Opt and drop-and-add). If a solution is 

improved by applying the shaking and local search procedures 

it will be accepted as the incumbent solution.  

We also utilize the threshold accepting criterion in 

updating the current solution at the end of each iteration of the 

VNS algorithm. Essentially, a worse solution is accepted as 

the current solution if it is not worse than a given percentage 

(λ) of the cost of the best known solution. At each iteration of 

the VNS algorithm we apply the shaking procedure in order to 

dynamically expand the neighborhood structure. In particular, 

the algorithm generates a solution which is in the 

neighborhood size k of the CurrentSolution, i.e., 

Shaking(CurrentSolution, k). 

 Specifically, Shaking(CurrentSolution, k) is defined as the set 

of solutions that can be obtained from the CurrentSolution by 

calling the addition or removal procedures for k times. The 

details of these procedures are given in the following: 

• Removal procedure: routed facilities on the tour of the 

solution are sorted in a non-increasing order of a score 

which is defined in (11). In this relation 

RemovalCost(i) is the cost saving occurred by 

removing facility i form the solution while 

RemovalCover(i) is the  number of customers that are 

explicitly covered by facility i. 
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Following this step, the first α facilities of the ordered 

set are considered as the candidate list. Finally, a 

facility is selected from the candidate list randomly and 

is removed from the solution. 

• Addition procedure: unrouted facilities are sorted in a 

non-increasing order of their score values which is 

defined in (12). In this relation AdditionCost(i) is the 

cost imposed to the tour length by adding facility i into 

its best position in the tour, i.e. the location with the 

cheapest extra insertion cost. Moreover, 

AdditionCover(i) is the total number of uncovered 

facilities that will be covered by visiting facility i in the 

solution. 

  

CurrentSolution := Initialization( ); 

CurrentSolution := 2-Opt( CurrentSolution ); 

CurrentSolution := drop-and-add ( CurrentSolution ); 

BestSolution := CurrentSolution; 

Iter := 1; 

while ( Iter ≤ ρ ) do 

k = 1; 

while ( k ≤ Ω ) do 

CurrentSolution := Shacking( CurrentSolution, k); 

CurrentSolution := 2-Opt( CurrentSolution ); 

CurrentSolution := drop-and-add( CurrentSolution ); 

if ( Cost( CurrentSolution ) < Cost( BestSolution ) ) 

then 
BestSolution = CurrentSolution; 

k:=1; 

Iter :=1; 

if ( Iter > ρ ) then 

break; 

end 

end 

elseif ( Cost( CurrentSolution ) < (1 + λ ) Cost( 

BestSolution ) ) then 
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Iter := Iter + 1; 

k:=k+1; 

end 

else 

CurrentSolution := BestSolution; 

Iter := Iter + 1; 

k:=k +1; 

if ( Iter > ρ ) then 

break; 

end 

end 

end 

end 
Algorithm 1: The general framework of the VNS algorithm for the 

proposed problem. 
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Following this step, the first δ facilities yielding the 

maximum score are considered in the candidate list from 

which one facility is selected randomly and added into its best 

position in the current tour. Following this step the obtained 

solution could be infeasible by not covering the pre-specified 

number of customers. As long as the solution is infeasible, an 

unrouted facility which is able to cover at least one uncovered 

customer is selected randomly and added into its best position 

in the tour. 

IV. Computational experiments 

A. Instances 

To test the performance of the developed algorithm a set of 

115 instances are designed, derived from TSP library [28]. 

The generated data ranging in size from 51 to 1000 vertices 

which are divided into small ( 76V ), medium 

( 200100 V ) and large size ( 1000535 V ) instances. 

According to the developed problem characteristics, the set of 

vertices is divided into three groups. The first vertex in each 

datum is considered to be the depot and the rest of the vertices 

are divided into facility and customer vertices. From each 

instance, we have generated three new data in which 30, 40 or 

50 percent of the vertices (V ) are considered to be the facility 

vertices, respectively. Moreover, we assume that each facility 

Tj  to be able to cover its NC nearest customers. In our 

designed instances, NC is a random value taken from 10,1 . 

Finally, from each instances three new data are designed for 

which 50, 75 and 100 percent of the customers have to be 

covered, respectively. Moreover, a set of 27 test instances are 

generated having 100, 150 or 200 vertices. To generate this set 

of test instances, we follow the same rules already explained 

for the original data.  

Table I. Parameters tuning. 

 Parameter  Different tested values  
Best 

value 

 ρ  }2000,1000,500{   1000  

 Ω  }50,40,30{   30  

 α  }9,6,3{   9  

 δ  }15,10,5{   5  

 N  }14,12,10{   14  

 λ  }015.0,01.0,005.0,0{   015.0  

 

B. Implementing and Parameter Tuning 

The metaheuristic algorithm has been implemented in C++ 

and tested on PC with an Intel Core i5 processor running at 

2.27 GHz with 4 GB RAM. A simple test has been conducted 

to reach a good combination of the parameters involved in the 

designed algorithm. For each test instance and each parameter 

combination, 5 independent runs of the algorithm have been 

done and by taking into account the average performance of 

the results, the best combination of the parameters has been 

driven. Table I provides the range of the parameters and the 

best combination used to run the final experiment. 

C. Computational Results 

We have used ILOG Cplex 12.1 [29] to run the 

mathematical model to optimality. Particularly, 3600 seconds 

of CPU time is put on the maximum running time of Cplex 

and the results are reported in Tables II to IV for the small, 

medium and large instances, respectively. 

Table II represents the results obtained by the proposed 

exact and VNS method for the small size instances. In this 

table, the first column gives the name of the instance, while 

the next four columns show the number of vertices (|V|), 

facilities (|T|), customers (|W|) and the minimum amount of 

prize to be collected (|P|), respectively. Columns six and eight, 

represent the results obtained by running the mathematical 

model over each of the instances and the objective function, 

gap from the optimality and running times are provided in the 

columns labeled by “Obj.”, “Gap(%)” and “Time”, 

respectively. Finally, three remaining columns represent the 

results obtained by VNS algorithm. In this table, the column 

represented by “Average Obj.” gives the average objective 

function of the metaheuristic algorithm over five different 

runs, followed by its deviation (“Dev(%)”) from the best 

solution obtained by the exact method. Finally, the column 

labeled by “Time” is the average running time of the 

corresponding VNS algorithm over five different runs. The 

last two rows of the table provide the number of the best 

solutions obtained by each method (No. Best) and their 

average performance over all the available instances 

(Average), respectively. 
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Table II. The results of exact and VNS method on small size instances. 

Data Mathematical formulation VNS 

Name |V | |T | |W | P Obj. GAP(%) Time 
Average 

Obj. 

Dev 

(%) 
time 

S1 51 15 35 17 71.33 0 0.75 71.33 0 0.05 

S2 51 15 35 26 105.98 0 1.08 105.98 0 0.06 

S3 51 15 35 35 172.36 0 0.08 172.36 0 0.07 

S4 51 20 30 15 75.29 0 3.55 75.29 0 0.06 

S5 51 20 30 22 102.59 0 9.47 102.59 0 0.07 

S6 51 25 25 12 38.49 0 0.24 38.49 0 0.05 

S7 51 25 25 18 82.38 0 25.28 82.38 0 0.07 

S8 51 25 25 25 140.62 0 4.05 140.62 0 0.1 

S9 52 16 35 17 1378.45 0 0.67 1378.45 0 0.05 

S10 52 16 35 26 2198.91 0 0.59 2198.91 0 0.05 

S11 52 21 30 15 669.76 0 0.19 669.76 0 0.06 

S12 52 21 30 22 1554.5 0 4.08 1554.5 0 0.06 

S13 52 21 30 30 3910.04 0 13.94 3910.04 0 0.1 

S14 52 26 25 12 572.13 0 0.97 572.13 0 0.06 

S15 52 26 25 18 1240.67 0 53.17 1240.67 0 0.07 

S16 52 26 25 25 2958.78 0 746.22 2958.78 0 0.12 

S17 52 16 35 17 1340.29 0 0.81 1340.29 0 0.06 

S18 52 16 35 26 2291.58 0 2.11 2291.58 0 0.06 

S19 52 21 30 15 878.3 0 0.38 878.3 0 0.05 

S20 52 21 30 22 1521.64 0 6.88 1521.64 0 0.06 

S21 52 21 30 30 3590.08 0 5.17 3590.08 0 0.1 

S22 52 26 25 12 479.76 0 0.81 479.76 0 0.05 

S23 52 26 25 18 1334.81 0 44.74 1334.81 0 0.07 

S24 52 26 25 25 2894.96 0 578.73 2894.96 0 0.09 

S25 76 23 52 26 98.94 0 30.03 98.94 0 0.07 

S26 76 23 52 39 147.89 0 45.19 147.89 0 0.09 

S27 76 30 45 22 86.16 0 50.33 86.16 0 0.08 

S28 76 30 45 33 119.54 0 38.92 119.54 0 0.09 

S29 76 38 37 18 57.79 0 34.25 57.79 0 0.08 

S30 76 38 37 27 106.39 16.07 3600 106.39 0 0.1 

S31 76 38 37 37 173.59 0 1846.03 173.59 0 0.21 

S32 76 38 37 18 21638.57 33.99 3600 20279.16 -6.7 0.09 

No. Best 30 32 

Average 1626.02 1.56 335.9 1583.54 -0.21 0.08 

 

In 30 out of the 32 small size instances, the exact 

formulation is able to reach the optimal solutions and on 

average, the running times is 335.90 seconds. The VNS 

algorithm performs very well on these instances in which all 

the optimal solutions have been obtained. In this table the best 

solutions found by each method is represented in bold. For all 

the available instances, VNS is able to reach the optimal 

solutions in all five different runs. Finally, the average run 

time of the VNS is 0.08 seconds over 32 available instances. 

The results over the medium size instances are reported in 

Table III. According to this table, by running the exact model, 

there are several instances for which the time threshold of 

Cplex has reached without proving the optimality of the best 

found solutions. Totally, there are 69 instances in the medium 

size group where in 14 instances the optimal solutions have 

been achieved by applying the mathematical model. 

Computational results over this class of instances show that 

almost all of the optimal solutions have been obtained by the 

VNS algorithm. Essentially, there are only 3 instances for 

which the VNS algorithm is not able to obtain the best 

solutions achieved by the exact model. There are also 37 

instances for which the VNS strictly outperforms the best 

solutions obtained by the exact model. The average running 

time of the VNS algorithm over all of the instances is 0.42 

seconds while this time is 3488.88 seconds for the exact 

model. The overall average deviation of the best solution 

obtained by the exact model with respect to results by VNS 

algorithm clearly indicates the superiority of the metaheuristic 

method where the overall deviations is -7.06 for the VNS 

algorithm. The results of the VNS algorithm over the 14 large 

size instances in 30, 60 and 90 seconds of running time are 

reported in Table IV. As it can be seen in this table the results 

are improved as we give more time to the algorithm. 
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Table III. The results of exact and VNS method on medium size instances. 

Data Mathematical formulation VNS 

Name |V | |T | |W | P Obj. GAP(%) Time 
Average 

Obj.  

Dev 

(%) 
time 

Ml 100 30 69 34 6061.44 12.34 3600 6043.13 -0.30 0.11 

M2 100 30 69 51 8471.25 0.00 1358.34 8471.25 0.00 0.12 

M3 100 40 59 29 3836.03 0.00 2589.89 3836.03 0.00 0.1 

M4 100 40 59 44 6424.29 30.47 3600 6288.73 -2.16 0.13 

M5 100 40 59 59 8789.24 0.00 1310.11 8789.24 0.00 0.28 

M6 100 50 49 24 3148.77 10.95 3600 3148.77 0.00 0.12 

M7 100 50 49 36 6056.26 46.18 3600 5777.62 -4.82 0.16 

M8 100 50 49 49 9094.2 26.2 3600 9094.2 0.00 0.43 

M9 100 30 69 34 4362.92 0.00 251.84 4362.92 0.00 0.1 

M10 100 30 69 51 8105.04 14.85 3600 8105.04 0.00 0.14 

M11 100 40 59 29 3592.77 0.00 736.28 3592.77 0.00 0.11 

M12 100 40 59 44 7326.59 33.7 3600 6948.96 -5.43 0.15 

M13 100 50 49 24 2929.98 0.00 2554.08 2929.98 0.00 0.1 

M14 100 50 49 36 5446.84 33.41 3600 5446.84 0.00 0.14 

M15 100 30 69 34 5164.91 0.00 1298.5 5164.91 0.00 0.11 

M16 100 30 69 51 7298.66 3.59 3600 7298.66 0.00 0.14 

M17 100 40 59 29 4580.82 19.13 3600 4580.82 0.00 0.13 

M18 100 40 59 44 6917.87 34.47 3600 6880.86 -0.54 0.15 

M19 100 50 49 24 3753.16 21.93 3600 3749.47 -0.10 0.11 

M20 100 50 49 36 6170.11 43.45 3600 5936.53 -3.93 0.17 

M21 100 50 49 49 8643.74 16.03 3600 8506.35 -1.62 0.44 

M22 100 30 69 34 5842.87 21.07 3600 5704.71 -2.42 0.1 

M23 100 30 69 51 7513.86 0.00 53.09 7513.86 0.00 0.13 

M24 100 40 59 29 5029.98 36.85 3600 5029.98 0.00 0.11 

M25 100 40 59 44 6456.74 4.61 3600 6456.74 0.00 0.13 

M26 100 50 49 24 4490.01 56.73 3600 4280.76 -4.89 0.11 

M27 100 50 49 36 5976.48 42.91 3600 5833.35 -2.45 0.14 

M28 100 50 49 49 8143.74 13.07 3600 8143.74 0.00 0.42 

M29 100 30 69 34 4750.53 0.00 82.46 4750.53 0.00 0.09 

M30 100 30 69 51 7784.01 0.00 835.74 7784.01 0.00 0.12 

M31 100 40 59 29 3396.99 0.00 171.93 3396.99 0.00 0.12 

M32 100 40 59 44 6584.91 24.36 3600 6584.91 0.00 0.17 

M33 100 40 59 59 9949.88 0.00 899.3 9949.88 0.00 0.34 

M34 100 50 49 24 3066.63 14.26 3600 3066.63 0.00 0.1 

M35 100 50 49 36 5750.13 46.67 3600 5657.02 -1.65 0.13 

M36 100 50 49 49 8009.42 11.73 3600 8009.42 0.00 0.51 

M37 100 30 69 34 1726.09 0.00 493.8 1726.09 0.00 0.09 

M38 100 30 69 51 2501.29 0.00 44 2501.29 0.00 0.13 

M39 100 40 59 29 1540.25 35.57 3600 1518.85 -1.41 0.11 

M40 100 40 59 44 2107.69 26.42 3600 2107.69 0.00 0.15 

M41 100 50 49 24 1632.52 54.75 3600 1499.04 -8.90 0.11 

M42 100 50 49 36 2558.96 50.54 3600 2208.52 -15.87 0.16 

M43 100 50 49 49 3228.85 3.61 3600 3228.85 0.00 0.61 

M44 150 45 104 52 6611.13 30.72 3600 6557.02 -0.83 0.15 

M45 150 45 104 78 9494.9 23.62 3600 9503.1 0.09 0.24 

M46 150 60 89 44 5983.58 55.35 3600 5393.39 -10.94 0.17 

M47 150 60 89 66 8171.5 48.29 3600 8149.13 -0.27 0.26 

M48 150 75 74 37 4583.03 56.53 3600 4583.03 0.00 0.19 

M49 150 75 74 55 8329.72 66.61 3600 6841.86 -21.75 0.23 

M50 150 75 74 74 10067.26 35.43 3600 10170.6 1.02 1.41 

M51 150 45 104 52 6377.95 30.71 3600 6133.27 -3.99 0.19 

M52 150 45 104 78 8730.54 16.41 3600 8629.85 -1.17 0.22 

M53 150 60 89 44 5305.46 58.71 3600 5199.33 -2.04 0.16 

M54 150 60 89 66 7624.55 48.94 3600 7471.14 -2.05 0.24 

M55 150 75 74 37 7246.78 83.33 3600 4898.98 -47.92 0.18 

M56 150 75 74 55 7959.61 73.71 3600 7169.79 -11.02 0.27 

M57 200 60 139 69 6356.29 44.03 3600 6281.11 -1.20 0.27 

M58 200 60 139 104 9476.31 20.52 3600 9499.65 0.25 0.37 
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TABLE III. The results of exact and VNS method on medium size instances (continued). 
Data Mathematical formulation VNS 

Name |V | |T | |W | P Obj. GAP(%) Time 
Average 

Obj. 

Dev 

(%) 
Time 

M59 200 80 119 59 6199.21 71.84 3600 5620.09 -10.30 0.26 

M60 200 80 119 89 8827.56 57.22 3600 8464.17 -4.29 0.41 

M61 200 100 99 49 5549.83 73.9 3600 4895.78 -13.36 0.28 

M62 200 100 99 74 8346.32 71.59 3600 7383.64 -13.04 0.44 

M63 200 60 139 69 6814.37 36.87 3600 6471.74 -5.29 0.25 

M64 200 60 139 104 9642.84 19.73 3600 9579.08 -0.67 0.39 

M65 200 80 119 59 6005.98 56.01 3600 5442.88 -10.35 0.24 

M66 200 80 119 89 9175.32 51.43 3600 8359.44 -9.76 0.4 

M67 200 100 99 49 5342.4 67.1 3600 4872.5 -9.64 0.23 

M68 200 100 99 74 8593.37 63.76 3600 7217 -19.07 0.35 

M69 200 100 99 99 11088.01 38.97 3600 10841.55 -2.27 4.32 

No. Best 32 66 

Average 6262.20 46.01 3390.05 6051.23 -3.71 0.28 

 
Table IV. The results of the VNS algorithm on large size instances 

Data 30 s 60 s 120 s 

Name |V | |T | |W | P Best Obj. 
Average 

Obj. 
Best Obj. Average Obj. Best Obj. 

Average 

Obj. 

L1 535 161 373 187 261.32 262.58 261.32 262.58 261.32 262.58 

L2 535 161 373 280 569.46 592.01 569.32 591.25 569.32 585.43 

L3 535 214 320 160 219.01 222.36 219.01 221.86 219.01 221.86 

L4 535 214 320 240 521.77 534.94 521.62 534.36 521.62 531.29 

L5 535 268 86 43 175.90 178.07 175.90 178.07 175.90 178.07 

L6 535 268 86 65 421.19 432.73 416.06 426.54 416.06 425.91 

L7 724 290 433 217 9860.09 10262.22 9860.09 10236.86 9860.09 10222.04 

L8 724 362 361 181 7428.56 7444.14 7428.56 7434.01 7410.18 7430.33 

L9 1000 300 699 350 3466420.10 3690228.26 3462163.00 3688099.40 3420977.40 3669406.30 

L10 1000 300 699 524 5956696.10 6204090.53 5944205.40 6195724.00 5940558.70 6169100.50 

L11 1000 400 599 300 2698974.30 2830881.13 2698974.30 2825326.90 2698974.30 2776202.50 

L12 1000 400 599 449 4969874.10 5354164.37 4954127.80 5348881.60 4954127.80 5330731.20 

L13 1000 500 499 250 2402721.80 2623601.18 2402721.80 2592871.00 2399977.70 2592322.20 

L14 1000 500 499 374 4485000.60 4729981.71 4481123.70 4652509.00 4479302.30 4643592.40 

Average 1714224.59 1818062.59 1711626.28 1808806.96 1708096.55 1800086.62 

 

V. Conclusion and future directions  

We proposed a variation of the traveling salesman 

problem with potential applications in humanitarian relief 

transportation problem. Given a set of vertices including the 

depot, facility and customer vertices, the goal of the 

introduced problem is to construct a minimum length cycle 

over a subset of facilities while covering a given number of 

customers. A mathematical model and a variable 

neighborhood search metaheuristic were proposed for the 

problem. Comparing the results obtained by the proposed  

metahuristic algorithm with those obtained by the exact 

model, clearly indicates the effectiveness of the developed 

VNS algorithm. The proposed algorithm could obtain all 

optimal solutions in small size instances. In the medium size 

data, there are 37 instances for which the VNS strictly 

outperforms the best solutions obtained by the exact model. 

The average running time of the VNS algorithm over all of 

the instances is 0.28 seconds while this time is 3390.05 

seconds for the exact model, respectively. 
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Abstract—Due to discontinuities from various imperfections 

found on the outer contour of the welded joint, there is irregular 

stress distribution in the joint with elevated peaks. The influence 

of these peaks cannot be precisely estimated during the 

calculation of the joint. In practice, the solution of the problem, 

in order to prevent the existence of such imperfections, lays in 

establishment of rigorous criteria prescribed by the regulation. 

Sometimes there is a question whether these rigorous criteria are 

reasonable due to the fact that they directly influent the costs of 

the welded structure.  On the other side, in some separate cases 

as far as there is discontinuity, it is very likely that during the 

reparation the situation might worsen, particularly if there is a 

location where the reparation is hard to be made. Considering 

these facts, in some cases, it is necessary to make judgment 

whether there is need to make reparation on the discontinuities 

found on the outer contour during the examination. The purpose 

of this paper is to endorse the influence of the discontinuities on 

the capacity of the welded joint in order to make appropriate 

judgment. 

Keywords—welded joint, butt-weld, quality assessment, 

imperfection, material testing, static testing, dynamic testing, FEA.  

I.  INTRODUCTION  

The behaviour of butt welds with discontinuity of the outer 
contour caused by various imperfections

1 
is subject of analysis 

in this paper. Various test-samples (plates) from materials 
S355J2G3 (material 1) and S235JR (material 2) are welded for 
the testing. The selected materials are commonly used for the 
production of welded structures. For the test, various 
imperfections are simulated in the welds of the plates.  
Standard test-samples for mechanical examination are formed 
from the plates. Static load tests of the basic material and the 
welded joints are performed for all considered cases. 

                                                           
1 see Table 3 

 For some characteristic cases dynamic test was performed 
too. Stress distribution with real dimensions of the models and 
defects was analysed with Finite Element Method using 
ALGOR software. 

II. BASIC MATERIAL 

Chemical composition and mechanical properties of the 
used materials gained from the material tests are presented in 
Table 1 and Table 2. 

From the test results it may be concluded that chemical 
composition and mechanical properties meet the requirements 
of the standard EN 10025 for both examined materials. 

TABLE I. CHEMICAL COMPOSITION      TABLE II. MECHANICAL PROPERTIES 
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According to the tests of the material it may be concluded 
that chemical composition and mechanical properties meet the 
requirements of the standard EN 10025 for both examined 
materials. 

III. WELDING TECHNOLOGY 

Welding of the plates was performed with TIG welding 
procedure (141) for the root weld and ARC welding procedure 
for filling and finish. ARC welding was done with basic 
electrode type E424 32 X5 according to EN499 and E7018 
according to AWSA 5.2 

 
Fig. 1. Welding technology  [1-root TIG (141), 2-filling ARC (111), 3-finish 
ARC (111)] 

The macrostructure of the joint is presented on Figure 2.  

 
Fig. 2. Macrostructure of the welded joint (x2,5) 

Microstructure in some typical locations is presented on 
Figure 3. 

 
Location 1 

Basic Material (x100) 

 
Location 2 

Weld (x100) 

 
Location 3 

Transition zone (x100) 

 
Location 4 

Root of the weld (x100) 

 
Location 5 

Normalized zone (x100) 

Fig. 3. Microstructure in characteristic locations 

IV. TEST-SAMPLES 

The test samples are produced by welding the plates made 
of material 1 and material 2. Characteristic imperfections of 
the weld are simulated and the corresponding marks are signed 
to the samples according to Table 3. 

A. Permitted dimension deviations of the imperfections 

The permitted sizes of the characteristic imperfections 
(defined by ISO6520), depending of the level of quality of the 
weld (B, C and D), are defined by ISO 5817. The dimensions 
of the analysed imperfections, for each particular case, are 
presented in Table 3. In most of the cases the measured 
dimensions of the analysed imperfections excess the 
maximum values permitted by ISO 5817. This conclusion is 
based on the visual examination of the welded joints.  The 
results from the visual examination are provided in Table 3. 

TABLE III.  RESULTS FROM VISUAL INSPECTION AND DIMENSION 

CONTROL FOR VARIOUS IMPERFECTIONS 

Scheme 
Dimensions from the visual examination 

S355J2G3 S235 JR 

 
Grinded face and 

grinded root of the 

weld 

/ / 

Sample 1.1 Sample 2.1 

 
Regular type of weld 

  
Sample 1.2 Sample 2.2 

 
Weld with excess 

metal on the face 

and the root 

  
Sample 1.3 Sample 2.3 

 
Weld with shallow 

root 

 

  
Sample 1.4 Sample 2.4 

 
Incomplete root 

penetration 

  
Sample 1.5 Sample 2.5 

 
Sagging, 

incompletely filled 

groove 

  
Sample 1.6 Sample 2.6 

 
Continuous undercut 

  
Sample 1.7 Sample 2.7 
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B. Radiographic control of the joints 

The welded test samples were radiography tested. 
Radiograms and the records of the analysed welded joints are 
presented in Table 4 

TABLE IV.  RECORDS FROM THE RADIOGRAPHY 

S355J2G3 S235JR 

 

 
 

 

 
 

 
 

 
 

Sample 1.1 Sample 2.1 

 

 
 

 

 
 

 
 

 
 

Sample 1.2 Sample 2.2 

 

 
 

 

 
 

 
 

 
 

Sample 1.4 Sample 2.4 

 

 
 

 

 
 

 
 

 
 

Sample 1.7 Sample 2.7 

 

V. TEST OF THE WELDED PLATES 

Results from the tests of the basic material S355J2G3 and 
related welded plates with various discontinuities (marked 
with 1.1 to 1.7) are presented in Table 5.  

For assessment of the capacity of the joint, most relevant 
element is the breaking force Fm. For both materials the 
breaking force is presented on Fig. 4 and Fig. 5 respectively. 

TABLE V.  TEST RESULTS FOR MATERIAL S355J2G3 

Test 

sample 

A0 

(mm2) 

Rp0,2 

(N/mm2) 

Fm 

(N) 

RM 

(N/mm2) 

Location of 

fracture 

1. 232,75 522 147140 632 Δ 5=22% 

1.1 227,24 500 138100 607 Basic material 

1.2 232,75 507 141700 608 Basic material 

1.3 229,90 532 146430 636 Basic material 

1.4 236,55 482 144760 610 Weld 

1.5 197,60 442 106320 538 Weld 
1.6 196,00 553 136120 697 Weld 
1.7 196,00 542 139490 681 ZTI 

 

 
Fig. 4. Breaking force for material S355J2G3 

Results from the tests of the basic material S235JR and the 
appropriate welded plates with various discontinuities (signed 
with 2.1 to 2.7) are provided in Table 6 

TABLE VI.  TEST RESULTS FOR MATERIAL S235JR 

Test 

sample 

A0 

(mm2) 

Rp0,2 

(N/mm2) 

Fm 

(N) 

RM 

(N/mm2) 

Location of 

fracture 

2. 233,70 366 120980 517 Δ5=31,5% 

2.1 220,80 386 123290 558 Basic material 

2.2 229,90 368 123200 535 Basic material 
2.3 217,80 388 122240 561 Basic material 
2.4 227,85 342 126280 554 Basic material 
2.5 188,76 381 91760 486 Weld 

2.6 212,96 393 126580 594 Basic material 

2.7 215,60 355 119520 554 ZTI 

 

 

Fig. 5. Breaking force for material S235JR 
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VI. FINITE ELEMENT ANALYSIS OF THE SAMPLES 

 
Stress distribution for the specific cases made of material 

S355J2G3 (related to Table 3), is presented in Table 7 

TABLE VII.  STRESS DISTRIBUTION AND IMPERFECTIONS / MATERIAL 

S355J2G3 

1.1 

 

 
 

1.2 

 
 

1.4 

 
 

1.7 

 
 

 

Stress distribution for the characteristic cases made of 
material S235JR (related to Table 3), is presented in Table 8 

At sufficient distance from the welded joint, due to the 
force Fsr (see Figure 6), there is steady stress condition for 
each separate case. Analysing the stress distribution could be 
concluded that at the location where the discontinuity ends - 

the stress peak occurs. These peaks are close to the yielding 
stress of the used material. 

TABLE VIII.  STRESS DISTRIBUTION AND IMPERFECTIONS / MATERIAL 

S235JR 

2.1 

 
 

2.2 

 
 

2.4 

 
 

2.7 

 
 

 
From the results of the Finite Element Analysis can be 

summarized: 

 The imperfections (defects) have significant influence 
on the stress distribution, 

 Near the imperfections (defects) the stresses achieve 
values that are close or equal to the yielding stress of 
the material, 

Verification of good FEA modelling is based on the fact 
that at sufficient distance from the welded joint (defect) there 
is steady stress condition that represents the stress calculated 
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when the force Fsr is divided by the area of the cross section of 
the particular test sample. 

VII. DYNAMIC TEST 

 Determination of the dynamic strength D with the 
discontinuities considered in this paper, for each particular 
case is far extensive, enduringly and expensive. Consequently, 
only the welded samples 1.1, 1.2, 1.5 from material S355J2G2 
and 2.1, 2.2 and 1.5 from material S235JR are considered in 
the test. 

The tests were performed on the device type “Alfred 
Amsler & Co Tchaffhausen Schweitz 131/63”.  

The samples were dynamically analysed with tensional 
pre-stressed one directional cyclic loading. The test cycle is 
presented on Figure 6. 

 
Fg - maximum loading 

Fd - minimum loading 

Fa - amplitude    

Fsr - mean value loading  

Fig. 6.  The test cycle 

The parameters of the tests are presented in Table 9 

TABLE IX.  DYNAMIC TEST PARAMETERS 

S355Ј2G3 S235JR 

Test samples 1.1, 1.2 and  1.5 Test samples2.1, 2.2. and 2.5 

Fmax = 115 KN 
Fmin= 45 KN 

Fa=35 KN 

Fsr=80 KN 
f=250 cycles per minute 

Fmax = 95 КN 
Fmin = 35 КN 

Fa= 30 КN 

Fsr= 65 КN 
f=250 cycles per minute 

 

The number of cycles when the fracture occurred, for each 
analysed case, is presented on Table 10  

TABLE X.  NUMBER OF CYCLES UNTIL FRACTURE 

Material Sample Number of cycles 

S355J2G3 

1. 130000 

1.1 33500 

1.2 24500 

1.5 1300 

S235JR 

2. 150000 

2.1 76700 

2.2 69500 

2.5 1800 

 

The appearance of the samples before and after the test and 
the appearance of the fracture are presented in Table 11 and 
Table 12 for each case respectively. 

TABLE XI.  THE APPEARANCE OF THE SAMPLES FROM MATERIAL 

S355Ј2G3 

S355Ј2G3 

Sample Appearance of the sample and the fracture 

1. 

 

 
Before 

 

 

 
After 

1.1 

 

 
Before 

 

 

 
After 

1.2 

 

 
Before 

 

 

 
After 

1.5 

 

 
Before 

 

 

 
After 

 

TABLE XII.  THE APPEARANCE OF THE SAMPLES FROM MATERIAL S235JR 

S235JR 

Sample Appearance of the sample and the fracture 

2. 

 

 
Before 

 

 

 
After 

2.1 

 

 
Before 

 

 

 
After 

2.2 

 

 
Before 

 

 

 
After 

2.5 

 

 
Before 

 

 

 
After 
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VIII. COMPARATIVE ANALYSIS 

A. Analysis of the results from the test of the welded plates 

The performed static examination of both tested materials 
S355J2G3 and S235JR and the related welded joints with 
various discontinuities are done according to the existing 
standards for each testing. 

1) Comparative analysis of the materials S355J2G3 and 

S235JR (sample 1. and sample 2.) – case without weld 

Comparing the test results for both materials it can be 

summarized: 

 The material S355J2G3 has significantly better 
mechanical properties than the material S235JR, 

 Observing the deformation properties, the situation is 
contrary. The material S235JR has better deformational 
characteristics than the material S355J2G3. 

 Both materials have good weld-ability. For larger 
dimensions (thickness), better weld-ability goes for 
material S235JR. This is due to the fact that S355J2G3 
contains more carbon, causing more Cekv which 
influents the weld-ability. 

 Material S355J2G3 has better strength properties due 
to its finer granular microstructure caused by addition 
of microelements in the fusion. 

2) Comparative analysis of the separate test-samples 

a) Analysis of the results from the tests of the weld with 

grinded face and grinded root (samples 1.1 and 1.2) 

The tension test of welded joint with grinded face and 
grinded root (sample 1.1) determined breaking force 
Fm=138100N. The area of the cross section is 227,24mm

2
. If 

the breaking force is reduced to the same cross section of the 
basic material without the weld there is: 

 

 

The decrease of the capacity of the welded joint compared 
to the capacity of the basic material is about 6%. This is due to 
the thermal influence during the welding process. It is 
important to highlight that the fracture in the test of the sample 
1.1 occurred in the basic material. 

The tension test of the welded joint with grinded face and 
grinded root (sample 2.1) determined breaking force 
Fm

(2.1)
=123290N. The area of the cross section is 227,24mm

2
. 

This force is close to the breaking force of the basic material 
Fmom=120890N. The deviation is tolerable and the breaking 
occurred in the basic material 

b) Analysis of the results from the tests of the regular 

type of weld (samples 1.2 and 2.2) 

The nominal thickness of the plate1 and plate 2 is 10mm 
and the actual measured thickness is t=9,5mm. From the 
amount of the excess metal on the weld and the root it can be 
concluded that the welded plates of the models 1.2 and 2.2 

meet the requirements of the quality level B according to ISO 
5817 

The tension test of the welded joint with the regular weld 
1.2 determined breaking force Fm

(1.2)
=141700N. By comparing 

the results of the basic material 1 and sample 1.1 it can be 
summarized: 

 Regular welded joint form the sample 1.2 has 
insignificantly inferior capacity compared with the 
non-welded plate 1 (basic material). The difference is 
around 3,5%, which is in tolerable limits with reference 
to precision of the measurement of the sample 
dimensions. It might be concluded that the welded joint 
with regular dimensions 1.2 has the same capacity as 
the non-welded plate (basic material). 

 Stress concentration due to discontinuity of the outer 
contour (shown on table 7) doesn’t have significant 
influence on the capacity of the joint (difference 
inferior by about 3,5%), which is confirmed by the 
fracture of the sample in the basic material. 

 Welded joint of the regular weld 1.2, due to static load, 
has superior capacity compared to the joint with 
grinded surface 1.1. This is due to the fact that by 
grinding of the surface the active area of the cross 
section is decreased. 

The tension test of the welded joint with the regular weld 
2.2 determined breaking force Fm

(2.2)=
123200N. By comparing 

the results of the basic material 2 and model 2.2 may be 
summarized: 

 Regular welded joint form the sample 2.2 has slightly 
superior capacity compared with the non welded plate 
2 (basic material) (Fm

(2.2)
=123200N>Fm

(2)
=120980N). 

The excess metal and the absence of influence of stress 
concentration due to discontinuity of the outer surface 
due to the increased active cross section cause this. 

 Regular type of weld from the sample 2.2 has the same 
capacity as the grinded weld from sample 2.1 
(Fm

(2.2)
=123200 N≈Fm

(2.1)
=123290 N). 

 Stress concentration due to discontinuity of the outer 
contour (shown on table 8) doesn’t have any influence 
on the capacity of the joint. Due to superior 
deformation characteristics (superior ductility) of the 
material S235JR, the influence of the stress 
concentration on the joint 2.2 is inferior compared to 
the joint from the sample 1.2.  

 The fracture of the test sample occurred at the location 
of the basic material that confirms above presented 
findings. 

c) Analysis of the results from tests of the weld with 

incomplete root penetration (samples 1.5 and 2.5) 

From the visual examination and the dimension control 
was concluded that test samples 1.5 and 2.5 don’t meet the 
requirements of the criteria B, C and D according to ISO 5817. 
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Tension test of the welded joint with incomplete root 
penetration 1.5 determined breaking force Fm

(1.5)
=106320 N. 

By comparing the results of the basic material 1 and samples 
1.1 and 1.2 it may be summarized: 

 The cross section area of the sample 1 is 
A0

(1)=
232,75mm

2
. The cross section area of the sample 

1.5 is A0
(1.5)=

197.60 =mm
2
 and A0

(1.5)
=0,846A0

(1)
. After 

the reduction Fm
(1.5)

=125673N. The reduced force 
(capacity) Fm

(1.5)
 is inferior compared to the breaking 

forces form the samples 1.1 and 1.2 

 The fracture occurs at the weld.  

 The stress concentration due to discontinuity of the 
outer contour of the weld (presented in Table 7) has 
significant influence of the joint capacity in static 
loading. 

Tension test of the welded joint with incomplete root 
penetration 2.5 discovered breaking force Fm

(2.5)
=91760N. By 

comparing the results of the basic material 2 and samples 2.1 
and 2.2 it can be summarized: 

 The cross section area of the sample 2 is A0
(2)=

233,70 
mm

2
. The cross section area of the sample 2.5 is 

A0
(2.5)=

188,76 mm
2
. Therefore A0

(2.5)
=0,81A0

(2)
. After 

the reduction Fm
(2.5)

=113284N. The reduced force 
(capacity) Fm

(2.5)
 is inferior compared to the breaking 

forces form the samples 2.1 and 2.2 

 The fracture occurs at the weld.  

 The stress concentration due to discontinuity of the 
outer contour (presented in Table 8) has significant 
influence of the joint capacity due to static loading. 
This influence, compared to the sample 1.5 is inferior 
due to increased ductility of the material S235JR 
compared to material S355J2G3 

B. Analysis of the results from the dynamic test 

Observing the results from dynamic test can be 
summarized: 

 For the dynamic test it is peculiar to precisely define 
the maximum force Fmax, the minimum force Fmin and 
the frequency f (cycles per minute) for previously 
given (presumed) lifetime. 

 Discontinuities of the outer contour on the face and the 
root of the weld influence the dynamic strength of the 
joint. These discontinuities produce stress 
concentrations (peaks). 

 If the discontinuity is removed by grinding, then the 
better strength is going to be achieved. 

 In order to eliminate the discontinuity of the outer 
contour by grinding the plates, the inferior dynamic 
strength will be achieved compared to non-welded 
plate (basic material). This is due to the structural 
changes in the weld, the zone of temperature influence 
and the residual stresses from the welding process. 

 Incomplete root penetration is large stress concentrator. 
It is confirmed by significantly inferior dynamic 
strength of the welded joints with incomplete root 
penetration.  

 Analysing the fracture can be summarized that, at all 
times, breaking of the samples occurred at the locations 
of maximum stress concentration (stress peaks).  

 The failure of the dynamic strength for all cases of 
tested samples (1,1.1,1,1.5 and 2.2.2,2.5) is higher in 
material S355J2G3 (material 1) compared to S235JR 
(material 2). This confirms that stronger materials in 
static are more sensitive on stress concentration in 
dynamics. Therefore, the advantages of the stronger 
materials in static loading are vanishing in dynamics. 
This is verified by analysing the results from static and 
dynamic tests. 

IX. CONCLUSIONS 

From the results of the tests and the comparative analysis it 
can be concluded: 

 Materials S355J2G3 and S235JR, considered in this 
work, completely fulfil the requirements of the 
standard EN10025 

 The material S235JR is less sensitive on stress 
concentration than S355J2G3. That causes better 
dynamic behaviour and small lowering of dynamic 
strength of material S235JR compared to S355J2G3.  

 Welded joint with regular weld face from the sample 
1.2 has the same capacity as plate without weld (basic 
material). The fracture of the sample occurred in the 
basic material. Stress concentration due to the static 
loading has no influence on the capacity of the welded 
joint. 

 Welded joint with regular weld face (from the sample 
2.2) has the same capacity as the joint with grinded 
weld face and grinded root (from the sample 2.1) and it 
has superior capacity compared to the capacity of basic 
material. This confirms the fact that stress 
concentration in the situation of static loading doesn’t 
affect the capacity.  

 Welded joint with excess weld metal 1.3 has superior 
capacity compared to 1.1 and 1.2. This is due to the 
fact that excess metal increases the active cross section 
and stress concentration in the situation of static 
loading doesn’t affect the capacity. 

 Welded joint with excess weld metal 2.3 has superior 
capacity than to 2.1 and 2.2. 

 In the case of incomplete root penetration 1.4, if the 
root penetration is superior, than it influences the 
capacity of the welded joint. In the present case 1.4 the 
root penetration is minor and does not significantly 
influence the capacity. This is due to the fact that the 
basic material 1 (S355J2G3) is more sensitive on stress 
concentration compared to basic material 2 (S235JR).  
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 Significantly incomplete root penetration (samples 1.5 
and 2.5) where the depth of the incomplete penetration 
is higher compared to the allowable level, influences 
the capacity even in the static load condition. That is 
caused by decreased cross sectional area and the effect 
of stress concentration. 

 Incompletely filled groove on the one side of the weld,  
(samples 1.6 and 2.6), depending of the penetration, 
can influent the capacity in static and dynamic loading 
both. This influence is higher in the welds made of 
material S355J2G3. 

 Continuous undercut of both sides of the weld (samples 
1.7 and 2.7), depending of the penetration, has 
influence on the capacity. The influence is higher in the 
dynamic conditions and in the welds made of material 
S355J2G3 

 In the situation of static loading, during the quality 
assessment of the welded joints (in term of 
imperfections that interrupt the outer contour of the 
weld) may be permitted certain violation of the 
dimension of imperfections associated to limit values 
prescribed in ISO 6520. 

 In the situations of dynamic loading, where the level of 
quality B is prescribed, in all cases, there is no need for 
grinding the face and the root. Certain violation of the 
dimensions of outer contour of the weld may be 
tolerated. 

 During the quality assessment of the welded joints the 
level of stress in the weld, the form of the stress and the 
form of the load of the structure must be considered. 

 During the quality assessment of the welded joints, in 
the case of dynamic loading, the material of the 
structure must be considered. This is due to the fact 
that sensitivity of the stress concentration for variety of 
materials is different. 

 Based on the results from this work, in some cases, the 
weld can be judged positively even if there are certain 
imperfections that are caused by discontinuity in the 
outer contour. For bringing such judgment the person 
must have good understanding of materials, welding, 
design etc. 
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Fig. 1. Experimental setup for measurement of squeal noise and vibration.
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Fig. 2. Measured signal of squeal noise: (a) a time response and (b) a 
frequency spectrum. 
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Abstract—This paper proposes a design guideline to reduce 
squeal noise generated by an automobile wiper blade. In order to 
explain the squeal noise phenomenon, a source of squeal noise is 
experimentally investigated using a rotating disk equipment, and 
then a single-degree-of-freedom stick-slip vibration model is 
established for a blade tip. Based on analytical results, we discuss 
about a tendency of the squeal noise for various parameters.  

Keywords—squeal noise; vibration; automotive wiper blade; 
noise reduction  

I.  INTRODUCTION  

A noise problem in a windshield wiper system is one of 
main issues in automobile industry, because uncomfortable 
noise is generated in a wiper system. The functions of a wiper 
system are to wipe out water such as raindrop and to clean the 
windshield for a driver. The noise generated in a wiper system 
can be classified into three categories: squeal noise, chattering 
noise and reversal noise. Squeal noise is caused by high-
frequency vibration (usually more than 1000 Hz) [1−5], while 
chattering noise is caused by low-frequency vibration (usually 
less than 100 Hz) [6, 7]. On the other hand, reversal noise [8, 9], 
which is a kind of impact noise with a frequency range of less 
than 50 Hz, is generated when a wiper reverses. 

In this paper, the squeal noise due to the friction between a 
wiper blade and windshield is experimentally investigated. For 
this purpose, an experimental test setup is configured with a 
wiper blade fixed by a fixture and a circular glass disk driven 
by an electric motor. The signals of noise and vibration are 
measured while changing the physical parameters such as the 
blade length, arm pressure and rotating speed of disk. From 

these signals, the characteristics of squeal noise are analyzed 
and the mechanism of squeal noise is identified. In addition, 
using a single-degree-of-freedom model for a stick-slip motion, 
the characteristics of squeal noise are investigated. 

II. MEASUREMENT OF SQUEAL NOISE AND VIBRATION  

Fig. 1 shows an experimental setup to measure the squeal 
noise and corresponding vibration generated between a wiper 
blade and glass disk. As shown in Fig. 1, the glass disk rotates 
together with a steel disk which is driven by an electric motor. 
The wiper blade fixed to a fixture contacts with the glass disk. 
When the glass disk rotates, the relative motion occurs between 
the blade and disk. This relative motion leads to the friction 
between the blade and disk. The arm pressure is adjusted by 
screws of the fixture and the pressure is measured by a pair of 
piezoelectric sensors. The nose signals generated by the contact 
of the blade and glass are measured by a microphone, while the 
vibration signals from the blade are measured by a laser 
vibrometer.  

The squeal noise signal measured by the microphone is 
presented in time domain (see Fig. 2(a)). As shown in this 
figure, the squeal noise is generated periodically. A frequency 
spectrum corresponding to the time signal is shown in Fig. 2(b), 
where the squeal noise has frequency components greater than 
1000 Hz. It is interesting that squeal noise has the harmonic 
frequency components of 3000, 6000 and 9000 Hz. The 
vibration signal of the blade measured by the laser vibrometer 
is presented in Fig. 3. Comparing Figs. 2(b) and 3, it is 
observed that the noise signal has the same frequency 
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(a)   

(b)   

Fig. 4. Waterfall plots of the squeal noise and vibration: (a) noise and (b) 
vibration. 

 

Fig. 5. Single-degree-of-freedom model for verification of squeal noise 
mechanism. 

 

Fig. 3. Vibration signal of the blade measured by a laser vibrometer. 

 
Fig. 6. Time response for the velocity of the mass on the belt. 

components as the vibration signal. This means that the squeal 
noise is generated by the vibration due to a stick-slip 
phenomenon. 

We analyze the change of the fundamental frequency of the 
squeal noise for the variation of the rotating speed of the glass. 
The change of the fundamental frequency of squeal noise as the 
rotating speed of the glass increases is shown in Fig. 4, where 
Figs. 4(a) and 4(b) represent noise and vibration signals, 
respectively. Fig. 3 shows that the squeal frequency converges 
to about 3000 Hz as the rotating speed increases. It can be 
verified by a modal test for the glass plate that this converged 
frequency coincides to the natural frequency of the glass plate. 

III. ANANYSIS USING A SIMPLE MODEL  

To understand the squeal noise mechanism, a single-
degree-of-freedom model for a stick-slip motion is adopted, as 
shown in Fig. 5. A mass m is on a moving belt with a constant 
speed, and a spring k and a damper c are attached to the mass. 
The time responses for this model are used to analyze the 
effects of the gradient of the friction curve, normal load, 
damping coefficient, and relative speed of the friction surfaces. 
In Fig. 5, N, f and vd represent the normal load, friction force, 
and belt speed, respectively. 

The equation of motion for the model presented in Fig. 5 is 
given by 

 ( , )mx cx kx f x x      

The friction force f can be divided into two cases, according to 
the friction condition between the mass and belt. Depending on 
whether the mass slips on the belt or not, the friction force has 
different expressions:  

 min , sgn( ) for 0
( , )

for 0

s d

d d

cx kx N cx kx x v
f x x

N x v





     
 

  





where s and d are the static and dynamic friction coefficient, 
respectively. The dynamic friction coefficient can be expressed 
as an exponential function: 

 ( ) exp[ ( )]d k s k dv x           

where k is the kinetic friction coefficient and  is the gradient 
of the friction curve for the relative velocity, dv x  .  

 The dynamic responses of the above model are investigated 
with the following physical values: m = 1 kg, c = 1 N·s/m, k = 
100 N/m, vd = 0.5 m/s, N = 9.81 N,  = 3, s = 0.5, k = 0.2. 
The damped natural frequency of the system is 9.99 rad/s or 
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Fig. 7. Frequency spectrum of the time response for the velocity. 

 

Fig. 8. Fundamental frequency of the dynamic response of the mass versus 
the deriving speed of the belt. 

 
Fig. 9. Waterfall plot of the dynamic responses for the variation of the 
driving speed. 

 

Fig. 10. Time responses for the mass velocity on the belt: the solid line for 
vd = 0.5 m, and the dashed line for vd = 1.2 m. 

 

Fig. 11. Waterfall plot of the dynamic responses for the variation of the 
vertical load.1.59 Hz. When the zero initial conditions are imposed on the 

displacement and velocity of the mass, the time history of the 
mass velocity is computed and plotted in Fig. 6. This figure 
shows that the velocity curve becomes flat when the mass 
sticks to the moving belt. The velocity of 0.5x   is equal to 
the deriving speed of the belt. The frequency spectrum for the 
time history of the mass velocity is presented in Fig. 7, in 
which we can see the fundamental frequency of 1.54 Hz and its 
harmonics. Comparison of Figs. 3 and 7 leads to the fact that 
the harmonics of the fundamental frequency are commonly 
observed in frequency spectra for squeal noise and vibration 
signals. The change of the fundamental frequency for the 
variation of the belt speed is also investigated. As shown in Fig. 
8, the fundamental frequency of the dynamic response of the 
mass approaches to the natural frequency of the system, 1.59 
Hz. 

IV. EFFECTS OF SYSTEM PARAMETERS 

The effects of system parameters on the stick-slip vibration 
are analyzed in this section. The normal load, driving speed, 
damping coefficient, gradient of friction curve are selected as 
the system parameters. The physical values of the previous 
section are used for analysis. 

It is interesting to analyze the effect of the driving speed of 
the belt on the vibration magnitude and frequency. The analysis 
result when the belt speed changes from 0 to 1.5 m/s is 
presented in Fig. 9. As shown in this figure, the magnitude and 
frequency corresponding the fundamental frequency increase 
with the driving speed when the speed is in the speed domain 
of 0 to 1.1 m/s. In this speed domain, there exist the harmonic 
components. However, if the speed exceeds the limit of this 
domain of if the speed is larger than 1.1 m/s, the harmonic 
components disappear and the peak magnitude for the 
fundamental frequency decreases abruptly. This phenomenon 
happens because a stick-slip motion is changed to a slip motion. 
To validate this motion change, the time responses of the mass 
velocity when vd = 0.5 and 1.2 m are plotted in Fig. 10, where 
the solid and dashed lines represent time responses for vd = 0.5 
and 1.2 m, respectively. This figure shows that a stick-slip 
motion exists when vd = 0.5 m but disappears when vd = 1.2 m. 
Therefore, the stick-slip motion changes to a damped vibration 
motion when the driving speed exceed a specific limit. 

Next, consider the effect of the normal load on stick-slip 
vibration. The normal load is directly related to the cleaning 
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Fig. 12. Waterfall plot of the dynamic responses for the variation of the 
damping coefficient. 

 

Fig. 13. Waterfall plot of the dynamic responses for the variation of the 
gradient of the friction curve.

performance of a wiper blade. The frequency spectra of the 
dynamic responses of the mass displacement are presented in 
Fig. 11, when the normal load changes from 0 to 20 N. It is 
observed in this figure that the peak magnitude increases with 
the normal load increases. 

It is interesting to investigate the effect of the damping on a 
stick-slip motion which generate a squeal noise. The dynamic 
responses when the damping coefficient increases from 0 to 5 
N·s/m are computed and analyzed. A waterfall plot of the 
frequency spectra for the responses are plotted in Fig. 12. As 
shown in this figure, the peak magnitude of the fundamental 
frequency decreases as the damping coefficient increases. Note 
that the harmonic components exist when the damping 
coefficient is low but they disappear when the coefficient is 
high. This means that a stick-slip motion can be eliminated if a 
system has high damping.  

Finally, the gradient of the friction curve for the velocity is 
studied, because it has a great influence on the squeal noise. 
Fig. 13 shows the variation of the frequency spectrum of the 
response when the gradient of the friction curve, , changes 
from 0 to 0.5. In the case that  has a high value, for example, 
 = 0.5, the frequency spectrum possesses a large peak 
magnitude of the fundamental frequency and harmonic 
components. However, if has  has a low value, for example,  
= 0.1, the peak magnitude is quite small and there are no 
harmonic components. This also implies that the stick-slip 
phenomenon disappears if the gradient of the friction curve has 
a low value. 

V. CONCLUSIONS 

It is found from this study that the negative gradient of the 
friction coefficient, normal load, damping coefficient and 
relative speed of the friction surfaces influence the squeal noise 
generated by the friction between the wiper blade and 
windshield grass. We propose some suggestions to reduce the 
squeal noise of a wiper blade system. We may reduce a squeal 

noise generated due to a stick-slip motion, as the relative 
velocity between the friction surfaces increases, as the normal 
load decreases, as the system damping increases, and as the 
gradient of the friction curve for the velocity decreases. 
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Abstract—The exfoliating nature of graphite is critically 
important to a variety of engineering applications. Much, 
however, still remains uncertain and controversial about the 
mechanophysical parameters and processes involved in graphite 
exfoliation. This leads to the need for quantitative 
characterization of the expansion of graphite in the microwave-
assisted exfoliation where KMnO4 and HNO3 are used as oxidant 
and intercalation agent, respectively. Here, the expanding 
characteristics of graphite in microwave-assisted exfoliation are 
examined as a function of: (i) mixing ratio (by weight) of graphite, 
KMnO4, and HNO3; (ii) mixing time; (iii) graphite form (natural 
vs. synthetic), type (lump vs. flake), and size (10 to 40 μm in 
diameter). Based on experimental measurement, we construct a 
fluid-dynamics-based model that describes the dependence of 
expansion ratio on graphite form, type, and size. Also 
investigated is the effect of reduction process on C:O ratio for 
raw graphite, expanded graphite with reduction process, and 
expanded graphite without reduction process. The findings of 
this study should lead to better understanding of the expanding 
characteristics of graphite. 

Keywords—graphite; microwave-assisted exfoliation; 
exfoliation ratio; mechanophysical parameter; fluid-dynamics 
based model 

I.  INTRODUCTION 

The exfoliation of graphite (with layered nature) is a 
volumetric expansion of graphite by up to hundreds of times 
resulting from the crystallographic delamination along its c 
axis. A sudden, rapid expansion of intercalation agent exerts a 
force on the adjacent layers of graphite during exfoliation, thus 
creating a worm-shaped, accordion-like material with low 
density, high temperature resistance, high lubricity, and high 
flexibility. Due to the inherent features, exfoliated or expanded 
graphite (EG) have been widely and successfully used in 
diverse applications such as packings [1], fire extinguish agents 
[2], thermal insulators [3], adsorption substrate [4] , etc. 
Recently, EG is being recognized as a promising material for 
the industrial-scale production of defect-free graphene that can 
be used for multiple industries from flexible, wearable, and 
transparent electronics to high performance computing and 
spintronics [5]. Among large-scale, cost-effective production 
methods for graphene (e.g., micromechanical cleavage, liquid-
phase exfoliation, chemical vapor deposition, molecular beam 
epitaxy, etc.) [6], the exfoliation of graphite by microwave 

irradiation (i.e., microwave-assisted exfoliation) is considered 
rapid and efficient because it can be carried out at room 
temperature in a few minutes with a simple laboratory facility, 
that is, a microwave oven.  

Despite intensive progresses in understanding the 
mechanism and structure of EG prepared by microwave 
irradiation, the dependence of graphite expansion ratio, ER, on 
mechanophysical parameters including mixing ratio, mixing 
time, and graphite properties (e.g., form, type, and size) has not 
been paid attention and it still remains challenging and illusive. 
Most reported researches in this field are methodological [7-9], 
focusing on the effect of diverse oxidants and intercalation 
agents on the ER of EG by microwave irradiation. Considering 
the engineering significance of producing graphene in 
industrial quantities, the quantitative characterization of the 
expanding nature of graphite as a function of the 
mechanophysical parameters is therefore essential for 
achieving a breakthrough in graphene commercialization and 
furthermore understanding the chemothermal processes 
involved in microwave-assisted exfoliation. 

In this paper, the microwave-assisted exfoliation method 
proposed by Wei et al. [8] where potassium permanganate 
(KMnO4) and nitric acid (HNO3) are respectively used as 
oxidant and intercalation agent is applied to prepare EG by 
reason of a simple and cheap preparation process achieved in 
minutes. Based on the measurements of ER obtained by the 
method, we investigate the expanding characteristics of 
graphite in microwave-assisted exfoliation as a function of 
mixing time, mixing ratio (by weight), and the form, type, and 
size of graphite. Furthermore, this leads to building a 
comprehensive, fluid-dynamics-based model that can be used 
to quantitatively predict the ER of graphite prepared with 
microwave irradiation when the form, type, and size of the 
graphite are given. The quantitative analyses of C:O ratio (or 
content) in original graphite, EC without reduction process 
using benzyl alcohol [10], and EG with reduction process with 
Raman spectrometer and x-ray photoelectron spectrometer 
(XPS), thus examining the effect of the reduction process on 
C:O ratio. The unique features of our approach considered, the 
findings of this study lead to better understanding of the 
chemothermal processes involved in microwave-assisted 
exfoliation and propel us towards an ever-expanding horizon of 
the industrial-scale production of defect-free graphene. 
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II. EXPERIMENTAL 

A. Microwave-assisted Exfoliation 

Starting materials were 12 groups of graphite samples: 3 
natural lump graphite samples having average particle 
diameters of 10, 20, and 40 μm, respectively (NG10, NG20, 
NG40, Kansai Coke and Chemicals Co., Ltd.); 3 natural flake 
graphite samples having average particle diameters of 10, 20, 
and 40 μm, respectively (FK44, TG5799, FK150, Graftech Co., 
Ltd.); 3 synthetic lump graphite samples having average 
particle diameters of 10, 20, and 40 μm, respectively (KS44, 
KS75, KS150, TIMCAL Graphite and Carbon); 3 synthetic 
flake graphite samples having average particle diameters of 10, 
20, and 40 μm, respectively (T44, T75, T150, TIMCAL 
Graphite and Carbon). The graphite sample, KMnO4 (399124, 
Sigma-Aldrich Co., LLC.), and HNO3 (1.00456.1000, Merck 
KGaA) were mixed by a glass rod in a Pyrex glass jar with 
different mixing-weight-ratios (graphite: KMnO4:HNO3=1:0 to 
2.5:0 to 2.5) at room temperature for different times of 0.5 to 
360 minutes. The mixture was put into a microwave oven (RE-
C21VB, Samsung Electronics Co., Ltd.) and irradiated at a 
power of 700 W and an operating frequency of 2.45 GHz for 
different times of 10 to 120 seconds. Here, the ER of each 
sample was determined by measuring the post irradiation 
expansion volume resulted from 100 mg of the sample. In short, 
ER was the quotient of graphite’s expanded volume and 
original graphite’s mass, therefore having a unit of 
volume/mass (e.g., ml/g). All ER data were collected from at 
least 10 independent experiments per each group and presented 
as means and standard error of the mean. 

B. Reduction Process 

In an effort to characterize the effect of reduction process 
on the extent of oxygen in the EG samples, a mixture of 100 
mg of EG in 12.5 ml of benzyl alcohol (BnOH, 24122, Sigma-
Aldrich Co., LLC.) was stirred for 24 hours at 100ºC. The 
resulting solution was then poured into ethanol (459844, 

Sigma-Aldrich Co., LLC.) to form precipitation, followed by 
filtration and drying under vacuum [10]. 

C. Raman Spectroscopy Measurement 

Raman spectra were recorded from 1200 cm-1 to 2800 cm-1 
on a Renishaw confocal Raman spectrometer at room 
temperature. All Raman measurements were performed by 
using 532 nm laser radiations. The samples were measured 
with a 50X lens. Spectra were obtained in a backscattering 
geometry using a standard 50x objective with numerical 
aperture value 0.52 and the spot area of 1.274 µm2. The energy 
at the sample was 0.213 mW. 

D. X-ray Photoelectron Spectrometer Measurement 

The presence of chemical species and their ratio were 
quantified using an XPS (Thermo Fisher) equipped with Al K-
alpha source. The electron analysis was made with a passing 
energy of 200 eV and an analyzing spot area diameter of 400 
µm. During measurements, the base pressure in the chamber 
was below 91 10  mbar. The chemical fractions of C-C and C-
O present in each sample were estimated by calculating the 
area under the individual peaks (corresponding to C-C and C-O 
bonds, respectively) and the atomic sensitivity factor, thus 
investigating the extent of oxygen in the EG samples.  

III. RESULTS AND DISCUSSION 

A. Graphite Exfoliation 

The course of conversion of graphite to EG starts with the 
mixing together of graphite, KMnO4, and HNO3 before 
microwave irradiation, and the two key processes of 
intercalation and exfoliation are made in a microwave oven in a 
short time, in contrast with other microwave-assisted 
exfoliation methods [7, 9]. Intercalation agent molecules 
(HNO3) migrate and deposit between the graphene layers of 
graphite in the intercalation process, and then the intercalation 
agent molecules are vaporized under microwave irradiation, 

 

Fig. 1. Microwave-assisted exfoliation of graphite. (a) Schematics of the process of exfoliation (raw graphite before intercalation (left), intercalation between 
adjacent layers of graphite (middle), expansion on the adjacent layers due to the expanded intercalation agent (right)). (b) Optical photo (left) and SEM 
image (right) of raw graphite before microwave-assisted exfoliation. (c) Optical photo (left) and SEM image (right) of as-prepared EG by microwave 
irradiation. Scale bars of (b) and (c) are 100 μm. 
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generating enough force to overcome the van der Waals force 
between adjacent layers of graphite [11] and expanding the 
graphite along the c-axis, in the exfoliation process (Fig. 1a). 
After the exfoliation of which the completeness was verified by 
the disappearance of fuming and lightening, EGs with 
hundreds of times larger volume than original graphite were 
successfully obtained (Figs. 1b, c). The worm-shaped, 
accordion-like morphology of EG is a conspicuous mark of the 
full and regular expansion of graphite.   

B. Mixing Ratio 

The amounts of graphite, KMnO4, and HNO3 (i.e., mixing 
ratio (by weight)) are one of the most important 
mechanophysical parameters that affect the intercalation and 
exfoliation processes and eventually determine the expansion 
performance of graphite. We therefore investigated the effect 
of the mixing ratio of raw graphite, KMnO4, and HNO3 on the 
ER by independently adjusting the weights of KMnO4 and 
HNO3 within a range of 0 to 250 mg where the weight of 
graphite was set as 100 mg (Fig. 2). The maximum ER of 212. 
33 ml/g was obtained from the mixing ratio of 1:1:2 (raw 
graphite: KMnO4:HNO3), which was close but slightly higher 
than that of previous study based on microwave-assisted 
exfoliation [12]. Considering the working mechanism of the 
microwave-assisted exfoliation, the outermost sides of graphite 
need to be oxidized and opened before intercalation process. 
The ER therefore increased noticeably as the weight ratio of 
KMnO4 played as an oxidant increased until 1. However, when 
the amount of KMnO4 was excessive (i.e., weight ratio more 

than 1), the ER decreased because the intensive oxidation due 
to excessive oxidant tore down the layered structure of graphite. 
The amount of HNO3 used as intercalation agent and acidity 
source in the reaction was in the same with KMnO4. The ER 
increased until the weight ratio of HNO3 increased until 2 but 
started to decrease when that of HNO3 was larger than 2. This 
is because superfluous HNO3 also provides critical damages on 
the structure of graphite. The results shows that, as might be 
expected, there is a tradeoff among the mixing ratio of raw 
graphite, KMnO4, and HNO3. 

C. Mixing Time and Microwave Irradiation Time 

The second, and equally important, parameters that affect 
the expanding behavior of graphite are mixing time (of the 
mixture of 3 ingredients) and microwave irradiation time. To 
examine the dependence of the ER of graphite on mixing time 
and microwave irradiation time, we measured the ER by 
controlling the mixing time from 0.5 to 360 minutes and the 
irradiation time from 5 to 180 seconds, respectively. As to the 
mixing time, 5 minutes of agitation produced the maximum ER 
of graphite by microwave irradiation (Fig. 3). The results 
indicate that too much mixing of the mixture deteriorates the 
expanding natures of graphite, in contrast to common 
knowledge that the extent of mixing is proportional to mixing 
time. This is blamed on an overlong agitation that breaks down 
the layered nature of graphite both chemically (i.e., long 
exposure to KMnO4, and HNO3) and mechanically (i.e., 
smashing by a glass rod). Regarding the microwave irradiation 
time, the signs of exfoliation such as fuming and lightening 
were begun after 5 seconds of microwave irradiation and then 
finished after 50 to 60 seconds of microwave irradiation under 
our conditions (i.e., a power of 700 W and an operating 
frequency of 2.45 GHz). This means that a microwave 
irradiation time of about 60 seconds is enough to fully expand 
the graphite in the microwave-assisted exfoliation. 

Fig. 3. Measured ER of graphite as a function of the mixing (or agitation) 
time of the mixture of raw graphite (especially, FK150 natural flake 
graphite having an average particle diameter of 40 μm), KMnO4, and 
HNO3 with a mixing ratio of 1:1:2 (raw graphite: KMnO4:HNO3) and a 
microwave irradiation time of 60 seconds, showing that 5 minutes of 
agitation produce the maximum ER of graphite by microwave irradiation.

Fig. 2. A filled contour plot of the ER as a function of the mixing ratio (by 
weight) of raw graphite (especially, FK150 natural flake graphite having 
an average particle diameter of 40 μm), KMnO4, and HNO3 where the 
weights of KMnO4 and HNO3 are normalized by that of raw graphite 
(100 mg) with a mixing time of 5 minutes and a microwave irradiation 
time of 60 seconds. The maximum ER (212.33 ml/g) is achieved when 
the mixing ratio is 1:1:2 (raw graphite: KMnO4:HNO3). 
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D. Graphite Form, Type, and Size 

Next, we characterized the dependence of ER on the form 
(natural vs. synthetic), type (lump vs. flake), and size (10 to 40 
μm in diameter) of graphite. As shown in Figs 4a-d, the 
expansion capacity of graphite in the microwave-assisted 
exfoliation was specific to certain forms and types of graphite 
and differences in particle size: natural graphite achieved about 
4.3 times larger ER than synthetic one; flake-type graphite 
showed about 2.4 times larger expansion capacity than lump-
type one; large graphite had higher ER than small one. The first 
phenomenon related to graphite form can be explained by the 
physical fact that natural graphite exhibits a much higher 
crystalline structure than synthetic one; the second is because 
flake-type graphite has more open areas (or spaces) for 
intercalation and exfoliation than lump-type one with the 
highest degree of cohesive integrity. The last but not least 
phenomenon can be understood by constructing a fluid-
dynamics-based model. The main assumption of this model is 
that the expansion of graphite by microwave irradiation is due 
to the pressure exerted by an accumulating gas from the 
expansion of intercalation agent. Thus, we model the 
exfoliation of graphite as a steady, laminar flow occurred in the 
space between two fixed parallel and circular plates separated 

by a gap of 2b (Fig. 4e). Rapid gas escape inhibits full 
development of the gas pressure required to move the adjacent 
graphite layers apart, resulting in low ER. It is therefore a 
reasonable assumption to make that the ER of graphite must be 
proportional to fR  where fR  is a flow resistance of the gas 

[13].  
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where 2b is a interlayer spacing of graphite (in general, 
2 0.34 nmb  ) [14], r1 is the minimum size of the related 
chemical reaction site, set as a constant value of 0.1 μm, and r2 
is the radius of graphite. Unlike the previous approach in which 
the ER is directly proportional to dg, it would be more desirable 
that the ER of graphite in microwave is in direct proportional to 

Fig. 4. A fluid-dynamics-based model for the microwave-assisted exfoliation 
of graphite. (a-d) Measured ER of graphite for natural lump graphite (a), 
natural flake graphite (b), synthetic lump graphite (c), and synthetic flake 
graphite (d) with a mixing ratio of 1:1:2 (raw graphite: KMnO4:HNO3), 
an mixing time of 5 minutes, and a microwave irradiation time of 60 
seconds. (e) Schematic illustrations of the exfoliation of graphite for fluid 
dynamics analysis. 

Fig. 5. Characterization of expanded graphite (natural flake graphite, FK150). 
(a) Raman spectra acquired from raw graphite (black), EG with reduction 
process (blue), and EG without reduction process (red), showing almost 
no line at 1370 cm-1 and a high-energy shoulder at 1583 cm-1. (b) C 1s 
XPS spectrum of EG with reduction process, indicating C:O ratio of 
10.49:1. 
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ln gd . These findings offer strategies to maximize the ER of 

graphite in the microwave-assisted exfoliation. First of all, 
natural, flake-type graphite having large particle size (the larger, 
the better) is preferred to achieve the industrial-scale 
production of defect-free graphene through ER maximization. 
Secondly, there is a flooring value for graphite size (less than 
4.7 to 9.4 μm depending on the form and type of graphite) that 
can be exfoliated by microwave irradiation (Figs 4a-d).  

E. Reduction Process Using Benzyl Alcohol  

Together with Raman spectrometer and XPS, the changes 
in the extent of oxygen through reduction process with benzyl 
alcohol were measured for raw graphite, EG with reduction 
process, and EG without reduction process, thus examining the 
effect of the reduction process on C:O ratio. For 2 kinds of 
samples (i.e., EG with reduction process and EG without 
reduction process), their Raman spectra were recorded, as 
shown in Fig. 5a. The Raman spectra of EG with reduction 
process and EG without reduction process showed G band at 
1584 cm-1, 2D band at 2673 cm-1, and almost no line at 1370 
cm-1, which were well matched with the reported fundamental 
Raman modes for graphite [15]. This shows qualitatively that 
the EGs prepared by microwave irradiation have C:O ratio 
similar to raw graphite. We also performed a quantitative 
analysis on C:O ratio in EG with reduction process and EG 
without reduction process using XPS. The C 1s core level 
spectra of the samples (especially, EG with reduction process) 
were deconvoluted into 3 peaks of 284.95, 285.90, and 292.77 
eV corresponding to C-C, C-O, and pi-pi moieties, respectively. 
The chemical fractions of C-C and C-O existed in each sample 
were calculated on the basis of the area of the individual peaks 
and the atomic sensitivity factor (Fig. 5b). The C:O ratios 
measured from EG with reduction process and EG without 
reduction process were 6.41:1 (13.5%) and 10.49:1 (8.7%), 
respectively. This conforms that the microwave-assisted 
exfoliation method employed in this study produces EG having 
a relatively low oxygen content of 13.5% and the oxygen 
content of the EG decreases slightly but not significantly 
(8.7%) with the reduction process. 

IV. CONCLUSIONS 

The expanding nature of graphite in the microwave-assisted 
exfoliation has been understood to build the backbone for the 
industrial-scale production of defect-free graphene and oil 
adsorption material. In detail, the dependence of the ER of 
graphite on mechanophysical parameters (e.g., mixing ratio, 
mixing time, microwave irradiation time, and graphite 
properties) can be summarized as follows: among the 
combination of graphite, KMnO4, and HNO3 amounts, a 
mixing ratio of 1:1:2 is desirable to achieve the maximum ER; 
5 minutes of agitation produce the maximum ER of graphite; a 
microwave irradiation time of 60 or larger seconds is enough to 
fully expand graphite; natural, flake-type graphite having large 

particle size is preferred. Noticeably, the last phenomenon can 
be predicted from our fluid-dynamics-based model. 
Extrapolation of this study to other exfoliation method might 
help us to investigate the critical expanding nature of graphite, 
therefore mass-producing high-quality graphene.  
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Abstract—The primary objective of this paper was the 
development of a simple method for testing 21 forms of geometric 
error associated with three-axis machine tools. To avoid Abbe’s error, 
measurement devices must be placed along an ideal motion line when 
measuring geometric error. This results in a number of practical 
measurement difficulties, which necessitate the establishment a new 
measurement methods incorporating a geometric error model 
configured specifically to the location of the measurement device. 

This paper introduces the principles and practical applications 
of a simple testing method using common measurement devices such 
as indicators or probes, gauge blocks, and straight gauges to measure 
21 forms of geometric error. The results of this measurement can be 
used to provide error compensation for three-axis machine tools. We 
applied the traditional method of HTM to deduce a geometric error 
model for three-axis machine tools and simplified this model to a 
kinematic parameter-independent model. Finally, based on the new 
measurement method and compensation system corresponding to this 
error model, we established a truly simple and practical compensation 
technique providing increased accuracy for three-axis machine tools. 

Keywords—three-axis machine tool; geometric error; HTM; 
error compensatio; 

I.  INTRODUCTION 

Enhancing the accuracy of CNC machine tools is a 
crucial step in the development of this technology. Errors that 
detract from the accuracy of machine tools can be divided into 
three categories: structurally-induced errors, driver-induced 
errors, and quasi-static errors. According to the literature, 
quasi-static error, including both geometric and thermal error, 
accounts for 70 % of the error in CNC machine machining.  

In 2008, a total volumetric compensation was introduced 
by Siemens in the 840D controller [1] and Heidenhain  
proposed the iTNC 530 in 2009 [2]. These functions increase 
the accuracy of machining, as long as volumetric errors were 
initially determined using suitable measurement technology.  

This paper examined geometric error in quasi-static 
situations. The development of geometric error models for 
machine tools has been well developed over the past few years 
[3–7]. These models describe error in the position and 
orientation of tools relative to the workpiece in specific 
positions, whereby factors detracting from accuracy are the 
result of kinematic link parameters and individual sources of 
error. It is well understood that a lack of accuracy in the 
motion along a linearly driven axis is associated with six 

forms of motional error, including one form of linear error, 
two of straightness, and three rotational.  

With modern measurement devices such as the 6D laser 
interferometer [8], all six forms of motional error can be 
measured rapidly. The LaserTRACER [9] offers an efficient, 
high-precision measurement system for volumetric calibration, 
but this measurement system is very expensive. The accuracy 
of three-axis machine tools can be dramatically improved 
through error compensation based on an error model 
[8,10~12]. 

Currently, geometric error modeling depends on a three-
axis machine kinematic chain to create a geometric error 
model, the home position of which is regarded as the reference 
coordinate for motion along that axis. For this reason 
kinematic parameters between the coordinate systems of linear 
axes are needed to describe their relationship to motion. 
However, ideal axis lines and the center of revolution of the 
linear motion slide is difficult to define precisely making it 
impossible to define kinematic parameters. Furthermore, 
geometric error defined by the ideal axis line of linear motion 
slides must be measured by placing the measurement device 
on this axis line to avoid Abbe’s error. This creates practical 
measurement difficulties when the linear motion slide is at a 
high position or when there is interference. Overall error is at 
the tool end of geometric error model with kinematic 
parameters constructed according to a machine reference 
coordinate system. In actual machining, however, a certain 
point on the workpiece will be set as the origin of the 
workpiece coordinate system, which will be the error-free 
position. Error is thus determined according to this point 
rather than to the machine reference coordinate system. 

For this reason, current methods for measuring error and 
creating models are limited by the following three practical 
issues: 

(1) Kinematic parameters in the model cannot be accurately 
determined. 

(2) Avoiding Abbe’s error during the measurement of 
geometric error creates practical operational difficulties 
with conventional measurement devices. 

(3) Error models including kinematic parameters contribute 
rotational error to overall error: inaccuracy in the 
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measurement of rotational error magnifies the uncertainty 
related to the accuracy of machine tools. 

Therefore, it is necessary to establish more practical, 
convenient, and accurate methods of measurement and new 
error models for geometric error related to three-axis machine 
tools.   

II. THE PRINCIPLE OF LOCATION-DEPENDENT ERROR 

MEASUREMENT  

The linear axis of three-axis machine tools was structured 
according to kinematic stacking with each axis of motion 
provided a home position. For this reason, kinematic 
parameters between linear axis coordinate systems are 
necessary to describe their movement relative to one another. 
However, in practice, the location of the ideal motion axis line 
for a linear motion slide is difficult to clearly define. For this 
reason, it is necessary to establish a new measurement method 
and a geometric error model based on measurement location. 

Ideally, coordinate systems for geometric error models 
should be established along the axis line related to the ideal 
motion of the linear slide to describe the spatial error caused 
by Abbe’s error. For example, measurement of the Y linear 
slide, displayed in Fig. 1, has three translational errors (EXY, 
EYY and EZY) and three rotational errors (EAY, EBY and ECY). 
If, when measuring geometric error for directions x,y,z 
between measurement axis line (D) and ideal motion axis line 
(I) each have offset Lx, Ly, Lz, then the 6D component errors 
(EXYd , EYYd , EZYd , EAYd , EBYd , ECYd ) for this 
measurement method and the results of the measurement are: 

EXYd = EXY+Lx* (1-cos(EBY))+Lx* (1-cos(ECY))+Ly* 

sin(ECY)+Lz* sin(EBY)                                           (1) 

EYYd = EYY+Lx* sin(ECY)+Ly* (1-cos(EAY))+Ly* (1-
cos(ECY))+Lz* sin(EAY)                                         (2) 

EZYd = EZY+Lx* sin(EBY)+Ly* sin(EAY)+Lz* (1-cos(EAY))   
+Lz* (1-cos(EBY))                                                   (3) 

 EAYd = EAY  

 EBYd = EBY  

 ECYd = ECY  

As indicated in the above explanation, when measuring 
rotational error (EAY, EBY and ECY), the measurement line is 
independent of the location of the measurement device; 
therefore, it is not necessary for the measurement device to be 
located on the ideal motion line I. However, when measuring 
translational error (EXY, EYY and EZY), the location of 
measurement matters; therefore, the measurement device must 
be placed on the ideal motion line I. If it is placed on line D in 
Fig. 1, then the spatial error created by rotational error will be 
included in the translational error. This method of 
measurement includes rotational error in addition to its own 
translational error. Therefore, the overall error 

),,( ddd ZYX  along the measurement line D with small-

angle approximation assumptions can be expressed as follows: 

 dX  = EXYd = EXY+Ly* ECY+Lz* EBY  

 dY  = EYYd = EYY+Lx* ECY+Lz* EAY  

 dZ  = EZYd = EZY+Lx* EBY+Ly* EAY    

 

Fig. 1. Location-dependent error measurement along linear axis 

Additionally, when constructing this measurement of 
geometric error, the kinematic parameters for Lx, Ly, and Lz 
have a constant value. When the linear motion axis is moved 
to position mY , the spatial error created by the rotational error 

at that position (EAY, EBY, and ECY) will each be added to the 
translational error (EXY, EYY, and EZY) and the measurement 
line for this measurement device can be considered the ideal 
motion line for the linear motion axis, meaning that rotational 
error includes no spatial error for any position along this 
measurement line. Because the error gain of rotational errors 
is 0, the location of measurement is the initial location of 
rotational error. Furthermore, in actual cutting and measuring, 
a location on the workpiece will be specified as the origin of 
the workpiece coordinate system. Set up as an error-free 
location, all location error on the workpiece is no longer 
considered error with respect to the geometric error model 
constructed for the ideal motion line of the machine, rather it 
is considered error with respect to this point. For this reason, 
this measurement method has practical application value. 

The figure also shows the change in the actual position of 
the tool as it moves along the other two machine motion axes 
under three-axis machine tools, such that the position of the 
tool is no longer where it was when it was measured by the 
measurement device. At this point, the X and Z positions of 
three-axis machine tools have reached positions xW  and zW . 

That is, as X and Z move to the actual cutting positions mX  

and mZ  on the workpiece, and the overall error 

),,( ttt ZYX   at the tool tip, according to the measurement 

)( ttt ΔZ,ΔY,ΔX

)( ddd ΔZ,ΔY,ΔX
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devices designed to measure geometric errors using 
measurement axis line (D), can be expressed as follows: 

 ),( mmt ZXX  =  EXYd +Wz*EBYd  

 ),( mmt ZXY  =  EYYd +Wx* ECYd +Wz* EAYd  

 ),( mmt ZXZ  =  EZYd +Wx* EBYd  

where mX  and mZ  are the servo-controlled position of the X 

and Z servo-axis, respectively. 

III. LOCATION-DEPENDENT MEASUREMENT OF 

TRANSLATIONAL AND ROTATIONAL ERROR  

Existing measurement tools are already capable of 
measuring six types of geometric component error (three 
translational and three rotational) [6] in a linear motion slide. 
The main purpose of this section is to apply the principle of 
measurement described earlier to a few commonly used 
measurement devices, such as straight gauges, gauge 
blocks, and indicators (or probes), for application in a three-
axis machine tool. Combined with methods for measuring 
location related error, the six component errors were measured 
along the linear axes of a three-axis machine tool. The location, 
as measured in a perpendicular direction (X-axis of Fig. 1), 
along such a linear  axis (Y-axis in Fig. 1) can be regarded as 
an error-free reference location. In the following, 
measurement of the linear Y-axis is used to illustrate the 
method of measuring geometric error along linear axes.   

A.  Measurement of Positioning Error (EYYd ) 

The measurement devices are set up as in Fig. 2, 
according to (8) when positioning error is measured along the 
linear Y-axis slide, following the corresponding steps of 
measurement described below:  
Step 1: Install a high-precision indicator or probe along the 

axis of linear motion. 
Step 2: Place a high-precision gauge block on the machine 

platform. 
Step 3: Use the high-precision indicator or probe to ensure that 

the linear movement remains parallel to the reference 
plane of the gauge block. 

Step 4: Position the first measuring plane of the gauge block 
close to the home position of the linear motion axis, 
and set the positioning error (EYYd ) along the linear 
axes at this position to 0. 

Step 5: Use an NC program to automatically measure error at 
each position of the gauge block, such that the 
indicator or probe automatically records the 
measurement and compares the results to the readings 
on the optical scale from the linear motion axis to 
check for geometric errors. 

Step 6: The results measuring geometric error at these 
positions are set as positioning error (EYYd ) along the 
linear axis in this setup (status of the gauge block when 
the three-axis machine tools is at such an X-axis location).  

 

Fig. 2.  Positioning error measurement 

B. Measurement of Horizontal Straightness Error (EXYd) 

The measurement devices are set up as in Fig. 3, 
according to (7) when positioning error is measured along the 
linear Y-axis slide, following the corresponding steps of 
measurement described below:  
Step 1: Install a high-precision indicator or probe along the 

axis of linear motion. 
Step 2: Place a high-precision straight gauge on the machine 

platform. 
Step 3: Use the high-precision indicator or probe to ensure that 

the reference surface of the straight gauge remains 
parallel to the ideal correction of the axis of movement.  

Step 4: Return the linear motion axis to the home position, and 
set the horizontal straightness error (EXYd) along the 
linear axes at this position to 0.  

Step 5: Use an NC program to automatically measure 
horizontal straightness error at each position along the 
linear motion axis, such that the indicator or probe 
automatically records the measurements.  

Step 6: The measurement results are horizontal straightness 
error (EXYd ) along the linear axis in this setup. 

 

Fig. 3.  Measurement of horizontal straightness error 

dd EYYΔY 

dd EXYΔX 
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C.  Measurement of vertical straightness error (EZYd) 

The measurement devices are set up as in Fig. 4, 
according to (9) when positioning error is measured along the 
linear Y-axis slide, following the corresponding steps of 
measurement described below:  

Step 1: Install a high-precision indicator or probe along the 
axis of linear motion. 

Step 2: Place a high-precision straight gauge on the machine 
platform. 

Step 3: Use the high-precision indicator or probe to ensure that 
the reference surface of the straight gauge remains 
parallel to the ideal correction of the movement axis.  

Step 4: Return the linear motion axis to the home position, and 
set the horizontal straightness error (EZYd) along the 
linear axes at this position to 0.  

Step 5: Use an NC program to automatically measure vertical 
straightness error at each position of linear motion, 
such that the indicator or probe automatically records 
the measurements.  

Step 6: The measurement results are the vertical straightness 
error (EZYd) along the linear axis in this setup. 

 

Fig. 4.  Measurement of vertical straightness error 

D.  Measurement of pitch error (EAY) 

The principle underlying the measurement of pitch error 
is based on the application of the measurement method and 
data from the aforementioned positioning error (EYYd), to 
which we add an extension bar (L) in the vertical direction 
before it is used to measure the error in positioning, as shown 

in Fig. 5. The measurement result sY  can be expressed 

using the following equation: 

 sY  = EYYd + L*EAY  

such that, under the condition of this measurement, the amount 
of pitch error EAY  is  

 EAY  = ( sY  - EYYd ) / L  

 

 

Fig. 5.  Measurement of pitch error 

E.   Measurement of roll error (EBY) 

The measurement of roll error is based on the application 
of the measurement method and data from the aforementioned 
vertical straightness error (EZYd), to which we add an 
extension bar (L) in the horizontal direction, as shown in Fig. 
6, before it is used to measure the error in vertical straightness. 
The measurement result sZ  can be expressed using the 

following equation: 

 sZ  = EZYd  + L*EBY  

such that, under the condition of this measurement, the amount 
of roll error EBY  is  

 EBY = ( sZ  -  EZYd ) / L  

 
Fig. 6.  Measurement of roll error 

dd EZYΔZ 

EAY*LEYYΔY ds 

EBY*LEZYΔZ ds 
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F.   Measurement of yaw error (ECY) 

The principle of measuring yaw error is based on the 
application of the measurement method and data from the 
aforementioned error in horizontal straightness (EXYd), to 
which we add an extension bar (L) in the horizontal direction, 
as shown in Fig. 7, before it is used to measure error in 
horizontal straightness. The measurement result dX  can be 

expressed using the following equation: 

 dX  = EXYd  + L*ECY 　 

such that, under the condition of this measurement, the amount 
of yaw error ECY  is  

 ECY  = ( dX  - EXYd ) / L   

 

Fig. 7.  Measurement of yaw error 

Because the location (perpendicularity) error between the 
two linear axes is rotational error, the measurement method is 
independent of the location of the measurement device, 
referring to the ISO230 standard directly [13]. 

 

IV. KINEMATIC PARAMETER-INDEPENDENT ERROR MODELS  

A.   Defining Geometric Error for linear Axes 

Definitions in ISO230 relate to standards for error 
inspection related to CNC machine tools, including the 
definition of geometric error and methods for testing. A single 
linear motion axis is defined as possessing six types of 
component error (three translational and three rotational), and 
location (perpendicularity) error between two axes of linear 
motion. According to the above definitions, a three-axis 
machine tool would be susceptible to 21 geometric errors. 

To describe the overall geometric error of three-axis 
machine tools, it is necessary to establish a geometric error 
model for the target machine. Assuming that the structure of 
the machine tool is a rigid body, then a 4x4 HTM could be 
used to describe the relationship between each kinematic and 
servo control axis. The error model could scroll through the 
HTM of individual kinematic and driver components to 
determine the order of products, according to the kinematic 
chain of the machine [3]. 

Fig. 8 displays a case study of the X-axis linear motion 
slide. The geometric error model for kinematic parameters, 
location error, and component error in an X-axis linear slide is 
shown in the formula below, illustrating the relationship of the 
x coordinate system with respect to the reference coordinate 

system x
rT . 
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where xxx ZYX ,, are the constant offset positioned at the x 

home with respect to the reference coordinate system in the 
x,y,z direction, respectively, or the kinematic parameter for 
the X-axes linear slide. COX is the location error between the 
linear X axis and an ideal linear axis (in this example, Y-axis 
of the reference coordinate system) which causes a small 
angular rotation between the two coordinate systems in the Z 
axial direction. EXX, EYX, EZX, EAX, EBX and ECX are the 
six component errors for the linear X axis, and mX is the 

servo-controlled position of the X-axis slide. 

The order of products for the kinematic parameter 
matrix, the location (perpendicularity) error matrix, and the 
6D component error matrix in the above formula depend upon 
the pattern arrangement in the kinematic chain of the linear X 
axis. First, the third HTM represents the 6D component error 
matrix for the X axis linear slide. Second, assuming that when 
the X-axis slide moves to the home position the Z-axis of the 
X coordinate system is identical to the Z-axis of the reference 
coordinate system, then perpendicular error COX exists 
between the ideal motion axis (the X-axis of the X coordinate 
system) and the Y-axis of the reference coordinate system, as 
does the perpendicular error matrix. Finally, when the slide on 
the X axis moves to the X home position, the X axis slide 
having the kinematic parameter matrix for the origin 
coordinate offsets.  

ECY*LEXYΔX dd 
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Fig. 8. Definition of linear geometric error along the X axis 

B. Geometric Error Modeling 

For an ideal three-axis machine tool, each position of the  
tool ( www ZYX ,, ) and orientation of the tool ( www KJI ,, ) 

on the workpiece coordinate system has a corresponding drive 
position to cut the required work pieces, and tool orientation 
can only be defined in the (0,0,1) direction. Figure 9 presents a 
common three-axis machine tool (Coordinate Measuring 
Machine, CMM) and the definition of its coordinating system. 
The kinematic chain of the machine is linked by several 
components and three linear motion axes. One end of the 
chain is a tool holder. The spindle block is mounted on the Z-
slide, which moves vertically using a prismatic joint. The Z-
slide is bolted to the X-slide, which is stacked on the Y-slide, 
making the three linear axes (x,y,z) perpendicular to each 
other. The Y-slide is then moved on the bed with a prismatic 
joint. Finally, according to the definition of ISO230 and the 
kinematic chain sequence of this machine, the location 
(perpendicularity) errors are COX, BOZ, and AOZ. 

 

Fig. 9. Three-axis machine tools 

Based on Fig. 9, the spatial relationship between the tool 
coordinate system and the reference coordinate system can be 
obtained using the formula below. 

 t
h

h
z

z
x

x
y

y
r

t
r TTTTTT   

The spatial relationship between the workpiece 
coordinate system and the reference coordinate system can be 
obtained using the formula below. 

 w
wo

wo
r

w
r TTT   

Figure 10 illustrates that, with an ideal machine, the tool 
coordinate system should provide identical points as those 
provided by workpiece coordinate system. However, actual 
machines cause geometric errors, so the position of the origin 
of the tool coordinate system with respect to the reference 
coordinate system ][ ttt ZYXtP  is obtained using the 

formula below. 

 

Fig. 10. Overall error at the tool end 

 T
t

rT 1000T1 ][][ tP  

The origin position of the workpiece coordinate system 
with respect to the reference coordinate system 

][ www ZYXwP , can be obtained using the formula 

below. 

 T
w

rT 1000T1 ][][ wP   

Now, the position error for the tool coordinate system 
with respect to the workpiece coordinate system in the 
reference coordinate system ),,( rrr ZYX re,P can be 

obtained using the formula below.  

 wtre, PPP   

Orientation error in the reference coordinate system 
),,( rrr KJI re,O  can be obtained using the three formulas 

listed below. 
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 T
idealw

r
w

rT 0100TT0 ][)(][ ,wO  

 T
idealt

r
t

rT 0100TT0 ][)(][ ,tO  

 wte,r OOO   

where idealw
rT ,  and idealt

rT ,  are the HTM for the workpiece 

coordinate system and tool coordinate system with respect to 

the reference coordinate system for w
rT and t

rT , respectively, 

when geometric errors are not considered (the ideal machine). 

Using the assumption of small-angle approximation and 
that second-order errors are negligible, a consolidation of 
geometric errors for the error model used with this three-axis 
machine tool is displayed in Table 1. The overall error in the 
direction of X, rX , is the product of each error multiplied by 

the error gain of each error. For example, the error 

contribution in the direction of X in ECX is –ECX* zY . This 

table, which is considered a geometric error sensitivity 
analysis table, indicates that translational errors (EXX, EYX, 
EZX, EXY, EYY, EZY, EXZ, EYZ, and EZZ) are machine 
kinematic parameter-independent, while rotational errors 
(EAX, EBX, ECX, EAY, EBY, ECY, EAZ, EBZ, ECZ, COX, 
AOZ, and BOZ) are machine kinematic parameter-dependent. 

 

C.   Error Model and Compensation Model Using the 
Combined Measurement Method 

To apply the measurement devices and principles 
described above to three-axis machine tools, we installed an 
indicator (or probe) on the tool holder on the spindle of the 
machine in Fig. 9 to provide individual measurements of the 
six component errors involved in linear motion axis and the 
location (perpendicular) error [13] for the three linear axes. 
For example, when the 6D component errors were measured 
for linear motion along the Y axis, we first located the gauge 
block and straight gauge in the middle position of the X stroke, 
which were set as the zero error position, and then installed an 
indicator (probe) on the tool holder on the spindle of the 
machine to perform the measurements. At this point, because 
the measurement position of the device would be susceptible 
to Abbe’s error, the 6D measurement results along the Y axis 
included all errors created by the kinematic parameters of the 
machine. Next, we measured the component errors for the 
other two linear motion axes according to the principles 
described above. 

Applying the new measurement method to the three-axis 
CNC machine tool enabled us to simplify the original 
geometric error model containing kinematic parameters shown 
in Table 1 to the kinematic parameter-independent Table 2. 
For instance, when measuring the six component errors in 
linear motion along the X axis, there were three contributors to 
overall error rZ (EZX, EAX and EBX), the contributing   

factors of which were 1, zz XY , . Under the premise that the 

machine possesses positioning repeatability, we can assume 
that when the slide on the X axis is located at a specified 
position, the zz XY , kinematic parameter will be a constant. 

Due to the fact that the indicator (probe) was installed at the 
tool end of the spindle, the error contribution of EAX* zY  and 

EBX* )( zX is reflected in EZX. For this reason, these two 

kinematic parameters can be set to zero, and their other errors 
can be simplified in this manner.  

As illustrated in Table 2, all nine translational errors 
(EXX, EYX, EZX, EXY, EYY, EZY, EXZ, EYZ and EZZ) 
contributed to overall error at the tool end, but only five of the 
rotational errors (EAX, EBX, EAY, EBY and ECY) contributed, 
while four (ECX, EAZ, EBZ and ECZ) did not. Therefore, only 
17 (21-4) geometric errors needed to be measured in this 
model, as shown in Table 2. 

Constructing a kinematic parameter-independent three-
axis geometric error model and measurement method based on 
the above measuring method is both practical and accurate. 
Furthermore, compensating for persistent geometric errors can 
also be accomplished using this geometric error model to 
establish a compensation model for three-axis geometric errors. 
When the three-axis machine tool is moved to u(x,y,z) 
positions and tool end spatial errors are du, the compensation 
applied by the kinematic parameter-independent error 
compensation model is –du. Finally, the machine axis errors 
for x,y, and z motion can be corrected through a controller, 
and returned to their ideal position at cu . 

 
TABLE 1. Error model and sensitivity analysis 

△Xr △Yr △Zr △Ir △Jr △Kr

Error Error gain 
EXX 1 0 0 0 0 0
EYX 0 1 0 0 0 0
EZX 0 0 1 0 0 0
EAX 0 -Zh-Zt-Zm-Zz +Yz 0 -1 0
EBX +Zh+Zt+Zm+Zz 0 -Xz 1 0 0
ECX -Yz +Xz 0 0 0 0
EXY 1 0 0 0 0 0
EYY 0 1 0 0 0 0
EZY 0 0 1 0 0 0
EAY 0 -Zh-Zt-Zm-Zz-

Zx
+Yz+Yx 0 -1 0 

EBY +Zh+Zt+Zm+Zz+Zx 0 -Xz-Xm-Xx 1 0 0
ECY -Yz +Xz+Xm+Xx 0 0 0 0
EXZ 1 0 0 0 0 0
EYZ 0 1 0 0 0 0
EZZ 0 0 1 0 0 0
EAZ 0 -Zh-Zt 0 0 -1 0
EBZ +Zh+Zt 0 0 1 0 0
ECZ 0 0 0 0 0 0
COX -Yz +Xz+Xm 0 0 0 0
AOZ 0 -Zh-Zt-Zm 0 0 -1 0
BOZ +Zh+Zt+Zm 0 0 1 0 0
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TABLE 2. Error model with kinematic parameter-independence 

  △Xr △Yr △Zr △Ir △Jr △Kr

Error Error Gain 
EXX 1 0 0 0 0 0
EYX 0 1 0 0 0 0
EZX 0 0 1 0 0 0
EAX 0 -Zm 0 0 -1 0
EBX Zm 0 0 1 0 0
ECX 0 0 0 0 0 0
EXY 1 0 0 0 0 0
EYY 0 1 0 0 0 0
EZY 0 0 1 0 0 0
EAY 0 -Zm 0 0 -1 0
EBY Zm 0 -Xm 1 0 0
ECY 0 Xm 0 0 0 0
EXZ 1 0 0 0 0 0
EYZ 0 1 0 0 0 0
EZZ 0 0 1 0 0 0
EAZ 0 0 0 0 -1 0
EBZ 0 0 0 1 0 0
ECZ 0 0 0 0 0 0
COX 0 Xm 0 0 0 0
AOZ 0 -Zm 0 0 -1 0
BOZ Zm 0 0 1 0 0

 

V. Conclusion  

Three-axis geometric error models derived using 
traditional methods all set the machine reference coordinate 
systems at a fixed point on the base of the machine and 
depend on the machine kinematic chain to derive a kinematic 
parameter-dependent model. For practical applications, this 
dependence makes accurate kinematic parameters impossible 
to obtain, the operation of  measurement devices is 
inconvenient, and overall error is overvalued. For this reason, 
this paper created a measurement method integrating 
“modeling, measurement, and compensation for geometric 
error model of three-axis machine tools using a kinematic 
parameter-independent” technique. This technique, integrating 
simple measurement methods, was used to construct a 
corresponding three-axis geometric error model and 
compensation model. The geometric error model is machine 
kinematic parameter-independent, making it a practical, 
convenient, and accurate method of measurement. 
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Abstract 

This research work is focused on design and construction of 

subsonic laboratory wind tunnel with “Ma=0.1”.During wind 

tunnel design, mostly difficulties arise in generating a profile 

for contraction cone; that must be selected to achieve uniform 

flow with negligible losses and boundary layer growth. Since, 

the design of contraction cone requires proper selection of 

polynomial equation, A sixth order polynomial was chosen to 

get a smooth design of contraction cone. The design work was 

completed through CFD analysis using “ANSYS-FLOTRAN” 

in which velocity & pressure contour profiles were finalized 

after analyzing 12 different contraction cone profiles. The 

current research not only includes verification of contraction 

cone design by comparing the velocity of air at different 

sections obtained during CFD analysis with the experimental 

values at corresponding points; but also covers proper 

selection of low cost material for test section, diffuser, 

contraction cone, instrumentation as well as size and type of 

fan. 

Keywords: 2D, contraction cone, design optimization, CFD, 

subsonic, wind tunnel, manometer 

Nomenclature: 

Ρw  Density of water (kg/mᶟ) 

Ρa  Density of air (kg/mᶟ) 

g  Gravitational acceleration (m/sec²) 

hm                   Head of water in manometer (m) 

P  Pressure (Pa) 

Pa  Pascal (S.I Unit of Pressure) 

a,b,c,d,e,f,g, Polynomial coefficients 

Q  Discharge (mᶟ/sec or ftᶟ/min) 

h  Height (m) 

I   Axial distance to point of inflection (m) 

L  Total length of contraction cone (m) 

x, y       Cartesian coordinates (streamwise, vertical)  

α  Curvature at inlet (/m) 

‘  d/dx 

‘’  d²/dx² 

2D  Two Dimensional  

CFM  Cubic Feet Per Minute 

U                     Axial velocity (m/sec) 

V                     Redial velocity (m/sec) 

Y                     Redial distance (m) 

X                     Axial distance (m) 

A                     Area (m²) 

 

1.  INTRODUCTION  

Wind tunnels have proven to be the most advantageous and 
demanding equipment in science and technology. They have 
been extensively used to understand the effects of air resistance 
on automotive and aeronautical objects. This research uses 
computational as well as experimental techniques in order to 
validate primarily the contraction cone design for a subsonic 
(low speed), open circuit, laboratory wind tunnel. The stated 
equipment was designed and fabricated for the purpose of 
carrying out research including testing and experimentation in 
laboratory on different Airfoils associated with small 
aerodynamic and automotive models. The maximum velocity 
attained at test section was 35 m/sec. Though the current work 
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covers detailed analysis on all the parts of wind tunnel 
including diffuser, test section, fan & instrumentation; however 
attention has been focused on contraction cone designing (2D) 
in major using CFD modeling which was subsequently 
authenticated through experimentation after its construction. 
The 2D design of contraction cone was carried out using 6th 
degree polynomial wall profile with a square working section. 

2. Literature Review 

Wind tunnel is an essential tool in engineering, both for model 

tests and basic research. Based upon the practical utilization of 

this tool, a lot of work has been done in its designing. [1] The 

definition of a wind tunnel as given by Pankhurst and Holder 

(1952), is, “A device for producing a moving airstream for 

experimental purposes”. [2] The first real scientific 

investigation started into the fledgling field of aeronautics, 

scientists hoping to achieve heavier than air flight soon realized 

that they would need to understand airflow dynamics about an 

airfoil in order to design a practical wing. Until the early 1700s, 

natural wind sources such as high ridges and the mouths of 

caves were used for early testing, so-called whirling arm 

apparatus. Benjamin Robins is credited as being the first to use 

a whirling arm for aeronautical study. Dissatisfaction with the 

whirling arms led Frank H. Wenham to design and built a 

twelve foot long blower tunnel with a steam powered fan. Sir 

Hiram Maxim also put his efforts to construct a wind tunnel 

with a three-foot diameter and twice the size of Wenham’s. [3] 

The Wright brothers also made extensive use of a wind tunnel 

during the development of their third flyer after their first two 

failed to meet their expectations and so built their own six foot 

wind tunnel. Since the 1930s, when the strong effect of free 

stream turbulence on the shear layers became apparent, 

emphasis has been laid on wind tunnels with low levels of 

turbulence and unsteadiness. [4] A generalization of the Tsien 

method of contraction-cone design was described in 1972 by 

Raymond L. Barger and John T. Bowen. The design velocity 

distribution was expressed in such a form that the required 

high-order derivatives can be obtained by recursion. This 

method was applicable to the design of diffusers and 

converging-diverging ducts as well as contraction cones.[5] 

Since the 1930s, when the strong effect of free stream 

turbulence on the shear layers became apparent, emphasis has 

been laid on wind tunnels with low levels of turbulence and 

unsteadiness. Consequently most of high performance wind 

tunnels were designed as closed type to ensure a controlled 

return flow. It is possible with care to achieve high 

performance from an open wind tunnel, thus saving space and 

construction cost. A research on the whole design of the low 

speed subsonic wind tunnel was conducted by R.D. Mehta and 

P. Bradshaw. That not only covers design information but they 

also covers selection information about the essential parts of 

the wind tunnel. [6] In 1980’s researchers and scientist began 

to develop more accurate designs for the development of 2D 

and 3D- contraction cones for low speed wind tunnels. An 

adaptive design procedure was introduced by James H. Bell 

and Rabindra D. Mehta .This method proceeded by computing 

the potential flow field and pressure distributions along the 

walls of a contraction of given size and shape using a three-

dimensional numerical panel method. [7] In 1986 Jonathan H. 

Watmuff described the analytical methods of contraction cone 

design for subsonic wind tunnels. [8] For design of Laboratory 

wind tunnels that commonly have velocity less than 50m/s, 

Daniel Brassard introduced a special five degree polynomial 

equation for the design of contraction cone profile followed by 

the condition that wall profile was having zero first and second 

order derivatives, further, inlet and outlet profile radii roughly 

proportional to the area. The result was hoped to be the most 

favorable combination of flow uniformity, thin boundary 

layers, and negligible losses. [9] J.E. Sargison, G.J. Walker and 

R. Rossi published his research which describes the design of a 

2D contraction cone with 6th degree polynomial wall profile 

for a wind tunnel with a square test section. The objective was 

to design low speed subsonic wind tunnel with uniformity of 

flow in the working section through CFD modeling with the 

variation of inflection point and inlet curvature. [10, 11, 12, 3] 

For designing low speed subsonic wind tunnel contraction with 

Ma<0.3 using a 6th degree polynomial equation, 

incompressible and adiabatic flow conditions can be 

considered. 

 

3. Current Reserch 

 
3.1 Design Features: 

This section covers discussion and selection of all the features 
of wind tunnel on the basis of which the contraction cone was 
designed. 

3.1.1. Test Section:   

The design of wind tunnel is based upon overall dimensions 
and parameters of the test section. Initially several parameters 
selected for test section but complexity in design and overall 
costing reduced these parameters in certain limits that enabled 
to create a simplified design and to keep an overall length of 
wind tunnel in a range of 3 to 4 meter. A Square cross section 
is selected for the test section (Fig-1) with following 
dimensions and parameters. 

Mach no = 0.1 

Desired maximum velocity = V = 35 m/s 

Cross section = 180 mm × 180 mm 

Length of Test Section = 400 mm  
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Fig.1. 3D-Model of Test Section 

3.1.2.  Fan Selection 

In order to select a proper size of fan, very simple procedure 

was followed. Since the area of test section selected was “180 

mm x 180 mm” or “0.36 sq. ft” and the velocity of air was “35 

m/sec” or “117 ft/sec” so firstly, the volume flow rate of air at 

test section was determined by the following equation. 

Q = v x A 

= 117 (ft/sec) x 0.36 (sq. ft) 

= 42.12 cubic ft/sec = 2527.2 CFM 

 

[3, 10, 11, 12] The above equation was used after assuming 

the incompressible flow of air in test section due to low “Mach 

number” (i.e. Ma < 0.3) [3, 10, 11, & 12]. The size of Fan was 

based on desired CFM output. A fan was chosen with “15 

inches” diameter and 1.5 hp motor which could move 3500 

cubic feet of air per minute. This value was greater than the 

desired CFM output i.e. 2527.2 CFM. The fan was in circular 

metal frame with a flange of heavy gauge sheet metal at the 

exhaust side. The frame houses a direct drive motor assembly 

attached to fan hub and secured with a set screw. The fan itself 

had seven cambered blades, also made from sheet metal, and 

the whole unit was rated for an output of 3500 CFM with 

variable output and following specifications in general. 

 

 

Fig.2. Fan 

A control box with a pull chain control drives the fan motor 
between the off position and a low and high speed setting. This 
limited the range of possible experimental velocities, so the 
power cable was connected to a variable output AC power 
supply with a maximum output of 440 volts. This Variable AC 
power supply allowed a much wider operating range, though 
performance suffered somewhat at extreme low or high 
velocities which were not taken during the analysis. A quick, 
back-of-the-envelope calculation predicted top centerline 
velocities in the neighborhood of about 35 m/s, or close to this 
value. Of course, this calculation was incredibly optimistic as 
the power losses due to honeycomb, screens, and contraction 
were completely neglected. 

3.1.3. Diffuser: 

Diffuser is an essential component of wind tunnel. It served 
dual functions in this project, besides of reducing the exhaust 
speed and hence reducing cost, it also served as a square to 
circular transition piece connecting the test section exit with the 
drive section. [5, 6] It has been determined that the flow 
through diffuser depends upon its geometry defined by area  

ratio, and diffuser angle, wall contour and diffuser cross-
sectional shapes. Other parameters like initial conditions, 
boundary layer control methods and presence of separation 
could also affect the flow thus making it very difficult to 
predict. Almost all the knowledge acquires about the diffuser is 
empirical [5, 6]. The length of diffuser section was calculated 
by size of fan, which was selected to be 15” in diameter.  A 
square piece was designed and square portion turned out to be 
450 x 450 mm. This became the dimensions of the end of the 
diffuser section.  The diffusion angle was kept 6 degrees and 
ended up being 3 degrees on each side.  This calculation made 
the diffuser section 1.5 m long (Fig-3). 

 

Fig.3.  3D-Model of Diffuser 

 

3.1.4. Contraction Cone: 

The design of subsonic wind tunnel is mainly concerned 
with a 2-D design of Contraction cone. It was carried out using 
ANSYS FLOTRAN focusing on variation of two parameters 
[4, 6] i.e. inflection point (X/L) and Cone length (L) while 
areas and contraction ratio were kept constant. [9] Sixth order 
polynomial equation was used in order to optimize the 
contraction cone profile for acquiring laminar flow at the test 
section inlet [9]. Equation is given below 

 

y = ax^6   + bx^5   + cx^4   + dx^3   + ex^2   + fx + g……(A) 

The location of inflection point and lengths were varied for 
contraction cone for design optimization through CFD 
Analysis. The optimization was based on attaining the 
following results  

 Flow uniformity at the test section mid –plane 

 Prevention of separation in the contraction cone  

 Minimizing the boundary layer thickness at entrance  
to the test section.[5]  

The contraction ratio was selected as 7 (6 to 9 are normally 
used), for low speed wind tunnels as recommended by Mehta 
[5]. The parameters that were kept unchanged are contraction 
ratio (i.e. 7), inlet area (i.e. 477 ×477 mm^2) and exit area 
(i.e.180×180 mm^2) of the contraction cone. The coordinate 
system for the contraction profile is defined by the origin 
present at the centre line of tunnel at inlet plane. Further, x-
coordinate increases downstream and y coordinate defines the 
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contraction profile and z is in the span-wise direction 
 

 
Fig 4: 3D-Model of Contraction cone 

4. Mathematical Model  

Equation (A) has 7 constants (a, b, c, d, e, f, g). Five of these 
are specified by the height at inlet and outlet, zero slopes at 
inlet and outlet as well as zero curvature at outlet. This leaves 
two parameters available for optimization. [9] These are 
specified by the inlet curvature (α) and the axial position of the 
point of inflection relative to the contraction length [9]. The 
“7” conditions defining the cone profile are given as. 

(1) Y(x=0) =h , (2) Y’(x=0) =0, (3) Y’’(x=0)= α=0 

     (4) Y’’(x=i) =0, (5) Y(x=l) =0, (6) Y’’(x=l) =0, 

     (7)Y’(x=l) =0             

Where h = inlet half height – exit half height. 

  

Fig 5: Graphical representation of seven Boundary Conditions & Inflection 
Point. 

An inflection point is a point on a curve at which the sign of 
the curvature (i.e., the concavity) changes. Inflection points 
may be stationary points, but are not local maxima or local 
minima. By using above boundary conditions, following 
mathematical models for contraction cone profiles were 
developed based upon different inflection points 
(i.e.i=0.4,0.5,0.6) and different lengths of  contraction “l” (i.e. l 
-500, 750, 1000, 1250 mm).  

4.1. Simulation 

[9] It has been observed that more precise results (uniform 

velocity) are obtained, if inflection point is selected 

downstream the contraction cone as near as possible to the test 

section [9]. Large contraction ratios and short contraction 

lengths are generally more desirable as they reduce the power 

loss across the screens and the thickness of boundary layers. 

Further, for economical design, we need smaller length of 

contraction cone for the required velocity (i.e. 35 m/sec) due 

to lesser material and manufacturing cost.  
The proper selection of contraction cone profile for wind tunnel 
was decided on the basis of computer based modeling and 
simulation tools. In this method, after deriving equations 

1- For inflection point (i/L) =0.4 (case#1, 2, 3 & 4) 

Lengths: 0.5, 0.75, 1 & 1.25 (meters) 
 
TABLE.1.1. Mathematical models of different contraction cone profiles  

Mathematical Model 

Y=95.05242X
6
-171.12898X

5
+106.97264X

4
-23.77403X

3
+0.14855 

Y=95.05242X
6
-171.12898X

5
+106.97264X

4
-23.77403X

3
+0.14855 

Y=1.48519X
6
-5.34778X

5
+6.68579X

4
-2.97175X

3
+0.14855 

Y=0.38933X
6
-1.75236X

5
+2.7385X

4
-1.52154X

3
+0.14855 

 

2- For inflection point (i/L) =0.5 (case# 5, 6, 7 & 8) 

Lengths: 0.5, 0.75, 1 & 1.25 (meters) 

 
TABLE.1.2. Mathematical models of different contraction cone profiles  

Mathematical Model 

Y=-0.029X
6
-28.48861X

5
+35.64187X

4
-11.88356X

3
+0.14855 

Y=-0.00255X
6
-3.75159X

5
+7.04037X

4
-3.52105X

3
+0.14855 

Y=-0.00045X
6
-0.89027X

5
+2.22762X

4
-1.48545X

3
+0.14855 

Y= =-0.00012X
6
-0.29172X

5
+0.91243X

4
-0.76055X

3
+0.14855 

 
2- For inflection point (i/L) =0.6 (case# 9, 10, 11 & 12) 

Lengths: 0.5, 0.75, 1 & 1.25 (meters) 

 
TABLE.1.3. Mathematical models of different contraction cone profiles  

Mathematical Model 

Y=-95.071923X
6
+114.0863087X

5
-35.651973X

4
+0.14855 

Y= =-8.3465X
6
+15.02371X

5
-7.042365X

4
+0.14855 

Y= =-1.4854989X
6
+3.5651971X

5
-2.228242X

4
+0.14855 

Y= =-0.389415X
6
+1.168244X

5
-0.91269X+0.14855 

 

 
Fig 6: Graphical Representation of Mathematical Models for contraction cone 

profiles 
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for different inflection points and lengths, these profiles were 

analyzed using CFD technique in ANSYS FLOTRAN CFD 

tool for optimizing the design for laminar flow in the test 

section while avoiding flow separation, boundary layer growth 

and also accounting cost factor. The method has been 

explained below. 

 
4.1.1.  Geometric Modeling 

Geometrical modeling for contraction cone profile and 

computer based simulations were performed in “ANSYS 

Flotran CFD Package”. Flotran CFD was given preference in 

the analysis package. Element type selected was “FLUID 141” 

for 2D- CFD analysis. In Geometric modeling, only upper half 

of the contraction cone was modeled due to symmetry around 

Y-axis. Total 100 Key points were generated in the Excel using 

corresponding 6-degree polynomial equations for Case # 11. 

Firstly these points were plotted in the ANSYS environment 

(Fig-7), afterwards, they were connected through spline, thus 

representing the upper half portion of the contraction profile 

(Fig-8). Contraction cone was extended to include the test 

section in order to visualize the fluid flow in the test section as 

well. 

  
Fig.7. Plotting Data points for contraction cone (right) 

Fig.8. Lines plotting for selected data points (left) 

 

 
Fig.9. Area Formation 

 

4.1.2.  MESH GENERATION 

To create a mapped mash, setting the specific size controls 

along the lines. The organization of a well-planned mesh is 

very important for CFD analysis. In this research work, the 

fluid profile itself has been meshed rather than the part to be 

meshed. Each point of the meshed grid represents an element 

which will be affected by the external flow and pressure 

forces. The greater the number of points chosen, the greater 

amount of time required to calculate the velocity and pressure 

effects from the surrounding meshed grid. The meshed grid is 

required in order to allow the simulation to create an 

approximate solution to the Navier-Stokes equation. 

The following strategy was adopted in order to create mesh for 

the geometric model of contraction cone and test section 

together. A basic criterion for division of areas was taken to be 

the same for all the twelve profiles. Fig-10. Shows mesh 

generation for selected profile only (i.e. Case # 11). 

 

1. Transverse (Y)  Direction 
2. Inlet region , flow direction (X) 
3. Outlet region  (initial) 

TABLE.2. MESH DIVISION STRATAGEY 

1 40-Divisions-Basic toward Walls -2 space ratio 

2 60-Divisions-Basic at inlet Transition 1 space ratio 

3 48-Divisions-Uniform Spacing -2 space ratio 

 

 
Fig.10. Mesh Generation 

 

Computer based Simulations focusing on velocity and 

pressure of air were carried out for all the twelve contraction 

cone profiles mentioned in table.1.1, 1.2 & 1.3 Velocity 

distribution of all the twelve cases discussed in above table 

along the middle plane of contraction cone profile after 

computation has been shown in Fig-11 

 

 
Fig.11. Velocity distribution for all cases along the middle plane of 

contraction cone profile including test section 
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The simulations of all the twelve profiles have not been shown 

due to unavailability of space. Velocity contour plot of 

selected profile (i.e. case # 11) shown in Fig.13 and its 

comparison with three others  (i.e. case # 3,7 & 12)  closer to 

the results of case # 11 has been shown in Fig.15. All of these 

simulations were based upon the following boundary 

conditions. Boundary condition can be defined in either 

preprocessing phase or in solution phase. In boundary 

conditions, Degree of Freedom of the body was defined to 

confine the flow. Velocity was applied at the inlet while value 

of atmospheric pressure (absolute zero) was applied at outlet 

of the contraction cone (Fig 12). 

 

 
Fig.12. Applying Boundary Conditions 

 

 
Fig.13. Velocity contour plot for selected profile 

 

Variation of air velocity along the length of contraction cone 

and test section has been shown in Fig- 14 where, distance is 

taken along x-axis and velocity along y-axis. Following 

solution options were provided in the solution phase. 

 

• Steady state solution 

• Laminar 

• Adiabatic 

• Incompressible 

 

Number of global iterations was set to fifty. Post processing 

was performed to infer the results like velocity and pressure 

contours which were later compared to draw conclusions. 

 

 
Fig.14. Velocity variation along wind tunnel length including contraction cone 

& test section 

 

From this activity, It was found that the best result, producing 

uniform velocity profile at inlet to the working section, and 

preventing separation of the flow within the contraction, was 

obtained when the point of inflection was located as far 

downstream as possible at a moderate length. Hence reducing 

both flow separations within the contraction cone as well as 

cost of the tunnel because of the moderate length. Therefore 

best suited profile is for case # 11 with following 

specifications. 

 
Mathematical Model of Contraction Cone:  

 

 

Contraction ratio=  

Exit area=  

Entrance area =  

Inflection point =  

Length =  

 

 
Fig.15. Comparison of simulation of velocity profiles (velocity contour plot) 
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Similarly, simulation of pressure of selected profile (i.e. case # 

11) shown in Fig.16 and its comparison with three others  (i.e. 

case # 3,7 & 12) closer to the results of case # 11  has been 

shown in Fig.16. 

 

 
Fig.16. Pressure plot for selected profile 

 

Fig.17. Comparison of simulation of pressure profiles (pressure contour plot) 

4.  MANUFACTURING OF WIND TUNNEL 

4.1 Material Selection  

 

Acrylic was preferred over stainless steel metal sheet, any 

other metal sheets as well as wood due to following reasons. 

 

 Acrylic is cheaper than stainless steel. 

 Acrylic is transparent material, while stainless steel is 

non-transparent.   

 The flow of air is visible in acrylic. Air flow path and 

pattern can easily be visualized in acrylic by using 

intrusive techniques e.g. using smoke or color 

pigments. 

 Surface finish of acrylic is much better as compared 

to stainless steel and no further surface finishing 

operation is needed. 

 Acrylic is lighter in weight than stainless steel. 

 

4.1.1 Manufacturing Procedure 

Wind tunnel manufacturing was initiated from contraction 
cone. Fabrication of contraction cone consisted of series of 
sequential operations for each of the four sides. Firstly, 
printing of full scaled 2D profile (i.e. case # 11) on paper sheet 
was carried out creating a Pattern/die. Secondly, cutting of 
acrylic sheet of 10mm thickness on CNC machine according to 
the paper sheet pattern. Thirdly, bending of acrylic sheet 
according to pattern by using heat gun and finally joining 
each component/side of contraction cone by using adhesive 
bond (glue). The construction of test section and diffuser also 
followed the similar procedure using the same sheet 
thickness (i.e. 10 mm) except bending from heat gun. Figs-16, 
17 & 18 explain construction of contraction cone, test section 
and diffuser respectively. 

Fig.18. Construction of contraction cone 

 

 

Fig.19. Construction of Test Section.            Fig.20.Construction of diffuser 
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4.1.2. Wind Tunnel Calibration 

 

Wind tunnel calibration generally involved drilling holes at 

mid-plane section of contraction cone and construction of 

manometer. In order to measure pressure distribution in the 

axial direction of contraction cone, 10 numbers of holes of 

inner diameter 2mm and outer diameter 5mm at a mutual 

distance of 0.1m (i.e.0.1m, 0.2, 0.3, 0.4, 0.5, 0.6, 0.7, 0.8, 0.9 

& 1.0m) were drilled at mid-plane section. Pneumatic fittings 

were placed afterwards in drilled holes. 

 

Construction of manometer involved the following steps. A 

wooden board of size 3 x 3 feet was selected and four pieces 

of steel rods as well. Drilling of 10 holes of 1/8 in each piece 

of steel rod was carried out. Plastic tubes 20 in numbers and 

20 inches lengths were selected. The position of 4 rods was 

marked on wooden board and rods were fixed on board by the 

help of nuts and bolts. Pneumatic fittings were fixed on steel 

rods Fig-19. Finally, fixing of plastic tubes in pneumatic 

fittings was carried out to construct an inclined manometer as 

shown in Fig-20. Colored water was used in order to visualize 

and calculate pressure distribution. 

 

 

  
Fig.21. Steel Tube with 10 pneumatic fittings (left) 

Fig.22. Front view of Manometer (right) 

 
Fig.21. Wind Tunnel in Assembled form 

 
5.  Experimental Results & Discussions 

 

In the experimentation of wind tunnel, the design of 

contraction cone was validated by comparing experimental 

values of pressure & velocity of air obtained at different 

sections i.e. 0.1 m apart along mid-section of contraction cone 

length with computer based simulated values at corresponding 

points during CFD analysis in ANSYS FLOTRAN.  

Experimental values of velocities were measured indirectly 

from pressures. Where, pressures were measured by 

determining the height of water head in manometer and using 

the following relation. 

 

 
 

After calculating pressures, experimental values of velocities 

were obtained from following equation as defined by [16] 

Kailash Kotwani, Professor S K Sane and Dr. Hemendra Arya 

[16].   

 ----------(c) 

Where 

 = 1000 kg/mᶟ at 25°C 

 = 1.182 kg/mᶟ at 25°C 

The values thus evaluated have been shown in table 3 

corresponding to different values of “X”. 

 
TABLE.3. Pressure and Velocity at different points along mid-section of 

contraction cone Length 

 
It is evident from the results of pressure that variation in 

simulated and experimental values is not more than 2 %. As 

long as the velocity is concerned, the difference is observed 

from X = 0 to 0.9 m consequently achieving the desired 

velocity of about 35 m/sec at X=1.0 m (i.e. contraction cone 

outlet/test section).It can be inferred from the results that, the 

most possible reason of this difference is due to software 

X 

 

(meters) 

Pressure  

 (Pa) 

 

“Simulate

d Results” 

Pressure 

(Pa)  

 

“Experimental 

Results” 

Velocity  

 (m/s) 

 

“Simulate

d values” 

Velocity  

(m/s) 

 

“Experimen

tal values” 

       0 21.154 19.554 
 

13 
 

8 
 

0.1 20.148 
 

19.554 
 

13.077 
 

8.1415 
 

0.2 15.955 
 

19.554 
 

13.362 
 

8.1415 
 

0.3 6.0746 
 

9.777 
 

13.998 
 

9.1025 
 

0.4 -13.778 
 

-9.777 
 

15.182 
 

10.77 
 

0.5 -50.712 
 

-39.108 
 

17.154 
 

13.6773 
 

0.6 -116.76 
 

-97.77 
 

20.187 
 

15.2314 
 

0.7 -228.39 
 

-215.094 
 

24.432 
 

20.757 
 

0.8 -387.57 
 

-342.195 
 

29.34 
 

24.083 
 

0.9 -534.96 
 

-508.404 
 

33.072 
 

29.914 
 

1 -591.36 
 

-586.62 
 

34.276 
 

34.7 
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limitation as the simulation resources were limited to 2D 

analysis of the contraction cone profile for the wind tunnel due  

 

 
Fig.22. Comparison of Experimental and Simulated values of velocities at mid 

working plane 

 

6. Conclusions & Future Aspects 

Contraction cone design aimed at acquiring uniform and 

steady stream at its outlet section and avoidance of flow 

separation with a desired velocity (i.e. 35 m/sec). 

Computational approach along with past research has been 

used to select proper length and inflection point which are 

known to be basic parameters for optimizing 2D-design of 

contraction cone through velocity contour profile 

investigation. The CFD analysis of velocity contour profile 

authenticated and allowed the use of sixth order polynomial 

equation for generating 2D-design of contraction cone which 

was further analyzed and proved by experimentation after 

construction and calibration of wind tunnel. 

 

The main objective of constructing this wind tunnel was to 

carry out experimentation on different types of airfoils in 

laboratory. The current research may be extended to include 

other parameters like flow visualization over test specimens of 

different materials through smoke, installing six force sensors 

for measurement of yaw, pitch and roll & automation of tunnel 

for data Acquisition 
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ABSTRACT 
In this study an analytical analysis has been performed on 

the Atkinson cycle to create a thermodynamic model that 

allows for the optimization of both net work output as well as 

cycle efficiency. The model is first based on the ideal Atkinson 

cycle; it is then expanded to include compression and 

expansion losses, followed by an exploration into variable 

specific heat effects by taking into account the specific heat of 

both cold air and burned gas. The result is explicit formulations 

of different operating pressure ratios that allow for optimization 

of net work output and efficiency, as well as showing how 

compression and expansion inefficiencies and more accurate 

use of specific heats affect cycle performance. The results 

obtained in this work are useful to understand how the net work 

output and efficiency are influenced by the above losses and 

working fluid properties.    

Keywords: Atkinson cycle, wave disk engine, gas turbine, 

pressure-gain combustion, constant- volume combustion. 

 

INTRODUCTION 
Gas turbine engine performance can be significantly 

improved by implementing an unfamiliar thermodynamic cycle 

known as the Atkinson (aka Humphrey) cycle [1]. The 

Atkinson cycle is similar to the Brayton cycle but uses 

constant-volume combustion rather than constant-pressure 

combustion process. Compared to the Otto cycle, the Atkinson 

cycle benefits from full expansion of burned gas, which does 

not occur in the Otto cycle. Thermodynamic analysis of the 

Atkinson cycle shows that the implementation of this cycle 

significantly reduces entropy generation while producing more 

net work output, allowing for engine efficiency enhancement 

[2].  

 

Figure 1: p-v Diagram of the Atkinson cycle.  

 

 

Figure 2: T-s Diagram of Atkinson Cycle. 

 

Figures 1 and 2 schematically show pressure-specific 

volume and temperature-entropy diagrams for the ideal 

Atkinson cycle, respectively. They describe isentropic 

compression occurring between 1 and 2, followed by constant-

volume combustion between 2 and 3, continuing with 

isentropic expansion between 3 and 4, ending with constant 

pressure heat rejection back to initial conditions.   

Almost all previous studies [3, 4] have focused on 

reciprocating heat engine working on (modified) Atkinson 

cycle and few prototypes have been built and successfully 
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tested [5]. Their mass production in the automotive industry in 

the future is envisioned. Despites its beneficial thermodynamics 

features, less studies on gas-turbine engines based on the 

Atkinson cycle have been reported and ideal choices are still 

under research and development. The recent Wave Disk Engine 

(WDE) concept [6], which is of particular interest to the 

authors, is among candidates that allow the Atkinson cycle to 

be implemented to both piston-cylinder and gas turbine 

engines. The WDE is a radial internal-combustion wave rotor 

[7] which has the potential to be used as an efficient power-

generation unit for various applications.  

Throughout the course of this paper, the net work output 

and efficiency of the Atkinson cycle will be explored in terms 

of operating temperature ratio T3 /T1= �, and compressor 

pressure ratio p3 /p1 = �. The optimum and maximum net work 

output, cycle efficiencies, and pressure ratios will be 

determined through explicit mathematical expression for the 

ideal Atkinson cycle, the Atkinson cycle with isentropic losses, 

and taking rudimentary variable specific heat effects into 

account. 

 

MODEL OF IDEAL AIR STANDARD ATKINSON CYCLE 
The first model introduced is the ideal air standard model 

of the Atkinson cycle. This hypothetical model assumes no 

losses, and constant specific heats of dry air.  This model is the 

most simplistic, however it will be used as a guide to build 

other models based on it. 

 

Net work output for ideal air standard Atkinson cycle 

To begin the analysis of the Atkinson cycle, the first law of 

thermodynamics is applied to the cycle [2]:  

 ���� = 	
�� − ��� − 	
��� − ��� − ���� − ��� =  	
�� − ��� − 	
��� − ��� − ��� − ��� = 	��� − ��� − 	
��� − ��� 

 

 

(1) 

 

The next step is to express Eq. (1) in terms of cycle 

temperature ratio, �/��, and compressor pressure ratio, ��/�� . 

To start: 

 ���� = 	��� ���� − 1� − 	
�� ����� − 1� 
 

(2) 

 

Reference [8] has introduced the following expression 

using the definition of heat addition, ��� = 	��� − ���, for the 

Atkinson cycle:  

 ���� = ����������  � ���	��� + ���������!�� = ����
�������  

 

 

 

(3) 

 

By substituting Eq. (3) into Eq. (2), and normalizing ���� 

by 	��� , the following equation is obtained for the specific 

work: 

 

A plot of Eq. (4) with pressure ratio as the independent 

variable is seen in Fig. 3 for several temperature ratios. There is 

a clear optimum pressure ratio for each temperature ratio that 

corresponds to maximum non-dimensional net work output. As 

temperature ratio increases, the optimum pressure ratio and 

corresponding (maximum) net work output increase as well. In 

addition, each temperature line decays to zero at very large 

pressure ratios. This implies that there exists a maximum 

pressure ratio for which there is zero net work output.  

Figure 3: Plot of non-dimensional net work output vs. 

compressor pressure ratio for k =1.4 and t = 4, 5, 6. 

 

It is desired to derive an explicit expression for the 

optimum pressure ratio, (ropt)w , at which the work output 

reaches a maximum. The optimum compression ratio value is 

obtained by differentiating the net work output in Eq. (4) with 

respect to r and equating it to zero for any given temperature 

ratio. This yields: 

 "�#
�$% =  � ��&�� 
 

(5) 

 

Substituting Eq. (5) into Eq. (4) gives: 

 �����	��� �'() = � − � ��*��1 + +� + + 
 

(6) 

 

Equation (6) calculates the maximum net work output of 

the ideal air standard Atkinson cycle for any given temperature 

ratio.  

To solve for the maximum pressure ratio, ��'()�% which 

results in zero net work output, Eq. (4) must be set equal to 

zero, and solved in terms of  r, yielding: 

 

��'()�% = �� + + − + � ��  ��'()�%����& � ����
 

 

(7) 

 

Equation (7) is a nonlinear equation in terms of r, which 

may not be explicitly solved for ��'()�% . The solution can be 

found by solving Eq. (7) numerically.   

����	��� = � − ����� − + ��� �����& + +   

(4) 
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Efficiency for ideal air standard Atkinson cycle 

Cycle efficiency for the Atkinson cycle is defined by: 

 , = ������� = ����	��� − ��� 
 

(8) 

 

Combining Eq. (8) and Eq. (4) yields an equation for cycle 

efficiency in terms of � and t such that: 

 

, = � − ����� − + ��� �����& + +
� − �����  

 

 

(9) 

 

A plot of Eq. (9) for � = 4, 5, 6 is shown in Fig. 4 along 

with the corresponding Carnot efficiencies calculated by: 

 ,1(2�#� = 1 − ��� 
 

(10) 

 

As the compression ratio increases, the thermal efficiency 

increases, but the rate of increase diminishes at higher 

compression ratios. As expected, higher efficiencies are 

obtained as the operating temperature ratios rise. The maximum 

ideal efficiency will be the Carnot efficiency.  

A discontinuity will occur at � = �3453  which implies that 

T2 = T3 . Physically what causes this is due to the fact that at 

very large compressor pressure ratios, temperature T2 

approaches the temperature T3 resulting in zero heat addition. 

For instance, for t = 4, the discontinuity occurs at ��678 �9 =128, for t = 5, ��678 �9 = 279.5, and for t = 6, ��678 �9 =529.1. The corresponding maximum efficiencies are ,'() = 0.75, 0.8, and 0.833, respectively.   

For each temperature ratio, there is a efficiency, ,"2?@A$B , 

such that the non-dimensional net work output is maximized. 

To obtain the corresponding thermal efficiency at maximum 

work output, Eq. (5) is substituted into Eq. (9). This yields: 

 

,"2?@A$B = 1 + + �1 − � ��*��
� − � ��*�  

 

 

(11) 

 

Figure 4: Plot of ideal efficiency vs. compressor pressure ratio 

with corresponding Carnot efficiencies for k=1.4 and � =4, 5, 6. 

 

Equation (11) gives an explicit formula to find the 

efficiency corresponding to the maximum net work output for 

the ideal air standard Atkinson cycle at a given operating 

temperature ratio. This can be clearly seen in Fig. 5, which 

shows variations of non-dimensional net work output versus 

cycle efficiency for � =4, 5, 6, with lines of constant 

compressor pressure ratio shown as a reference. These lines are 

graphical tools to find maximum point of net work output on 

each of the temperature curves. Such performance maps are 

useful for engine optimization.  

 
 

Figure 5: Plot of ideal efficiency vs. non-dimensional net work 

output for k =1.4 and � =4, 5, 6 with lines of constant pressure 

ratio (r = 2, 10, 20, 50). 

 

AIR STANDARD ATKINSON CYCLE WITH 
COMPRESSION AND EXPANISON LOSSES 

The next model explored is the Atkinson cycle with losses 

during compression and expansion processes (the so-called 

non-ideal cycle).  
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Net work output of air standard Atkinson cycle with 

compression and expansion losses 

Compared to the ideal air standard Atkinson cycle, a more 

realistic model can be developed by applying isentropic 

efficiencies to both the compression (,1� and expansion �,�� 

processes. To begin deriving the net work output for the 

Atkinson cycle with compressor and turbine losses, Eq. (1) is 

considered again: 

 ���� = 	
�� − ��� − 	
��� − ��� − ��� − ��� = 	
� �1 − ���� − 	
�� ����� − 1� − ��� ���� − 1� 

 

 

(12) 

 

From the definition of compression isentropic efficiency: 

  ���� = ����� − 1,1 + 1 

 

(13) 

 

Likewise from the definition of expansion isentropic efficiency:  

 

1 − ��� = ,� C1 − ��������� D 

 

 

(14) 

 

Before the losses can be integrated into Eq. (12), the right 

hand side of Eq. (14) must be written in terms of � and � only.  

This is obtained as follows: 

 ��� = ����
����

��� = ����
����

��� = ������ C����� − 1,1 + 1D 

 

 

 

(15) 

 

Substituting Eq. (13), (14) and (15) into Eq. (12) and 

normalizing by 	E�� yields: 

 

����	��� = ,�  + �
FG
GG
H1 −

I
JK����� ����� L����� − 1,1

+ 1M
����

N
OP

QR
RR
S        − + C����� − 1,1 D  +      

  �1 − +� L� − C����� − 1,1 + 1DM 

 

 

 

 

 

 

 

 

 

 

(16) 

 

Equation (16) can easily be verified by setting ,1 = ,� =1, resulting in Eq. (4) which represents the ideal cycle.  

Figure 6 compares both the ideal and non-ideal non-

dimensional net work output with 90% losses during 

compression and expansion processes. The realistic net work 

output behaves similar to that of the ideal cycle.  However, the 

net work output decreases significantly when losses are 

included. The curves with losses also have a steeper slope than 

the ideal curves. This implies that the pressure ratio, for which 

the net work output is maximized, "�#
�$% , will be lower when 

losses are included. To find this pressure ratio, the derivative of 

Eq. (16) is taken, and set equal to zero. This yields: 

 

Figure 6: Plot of non-dimensional net work output, ideal and 

with losses vs. compressor pressure ratio for k =1.4, ,1 = ,� =0.9, and � =4, 5, 6. 

 UU� �����	��� �

=
FG
GG
GG
H
�−1 + +�

I
JJJ
K−����

+ ,� �� + +�−1 + ,1����� V1 + −1 + ���*��,1 W
��� ���

��
N
OOO
P

QR
RR
RR
S

/�+,1� = 0 
 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

(17) 

 

Figure 7 shows the results of numerical methods applied to 

Eq. (17) to solve to "�#
�$%at different temperature ratios, and 

for different loss values. For a given temperature ratio, the ideal 

cycle has the largest "�#
�$%. As losses accumulate, "�#
�$%decreases, and the slope of the "�#
�$% curve becomes 

shallower.   

Finally, from Fig. 6, it is expected to find an ��'()�% such 

that the net work output becomes zero. To obtain ��'()�%, Eq. 

(16) must be set equal to zero for a given temperature ratio, and 

the solved for �. Again, this solution must be numerically 

calculated.  
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Figure 7: Plot of "�#
�$%vs. temperature ratio for both ideal 

and non-ideal (,1 = ,� = 0.85, 0.90, 0.95) cycles, for k =1.4.  

 

Efficiency for air standard Atkinson cycle with compression 

and expansion losses 

Continuing in the same fashion, an analysis of the cycle 

efficiency with losses is needed. To proceed, Eq. (16) is 

divided by ���, and multiplied by 	���:   

   

, =
FGG
GGH,�  + �

FG
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H1 −
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JK����� ����� L����� − 1,1 + 1M
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(18) 

 

A plot of Eq. (18) is shown in Fig. 8 for ,1 = ,� = 0.9, 

compared with the ideal efficiency. As seen, when losses are 

taken into account, there will be a maximum cycle efficiency 

for any fixed temperature ratio which is lower than the 

corresponding Carnot efficiency. The so-called optimum 

pressure ratio, "�#
�$9, for  a maximum cycle efficiency can be 

obtained when the derivative of Eq. (18) is taken, and set equal 

zero. Again explicit solution becomes difficult to obtain, and 

numerical methods are needed to solve for "�#
�$9. Comparing 

the values of "�#
�$%and "�#
�$9from Figs, 6 and 8, 

respectively, it is concluded that for the optimum pressure ratio 

based on work occurs at a lower pressure ratio than the point of 

maximum efficiency at the same temperature ratio, i.e.  "�#
�$9> "�#
�$%, similar to the Brayton cycle. Thus, an 

intermediate compression pressure ratio may be considered for 

performance optimization. Similarly, substituting "�#
�$9 into 

Eq. (18) would result in finding maximum efficiency for the 

Atkinson cycle with losses. Finally, to obtain maximum 

pressure ratio such that the efficiency will drop to zero, ��'()�9, can be obtained by setting Eq. (18) equal to zero and 

solving for � numerically.  

 

Figure 8: Plot of efficiency with losses and ideal vs. pressure 

ratio for k =1.4, � =4, 5, 6 and  ,1 = ,� = 0.9. 

 

Similar to Fig. 5, Fig. 9 represents performance 

characteristics of the Atkinson cycle with losses included. 

Hence, Fig. 9 clearly shows maximum points for cycle both 

efficiency and specific net work output for given temperature 

ratios when losses are taken into account.  

 

Figure 9: Plot of efficiency with losses vs. non-dimensional net 

work output for k =1.4 and � =4, 5, 6 with lines of constant 

pressure ratio (r = 2, 5, 10, 20) and  ,1 = ,� = 0.9. 
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PERFORMANCE OF IDEAL ATKINSON CYCLE WITH 
VARIABLE SPECIFIC HEATS 

Another adjustment that can be made to the current 

thermodynamic model developed for the Atkinson cycle is to 

add rudimentary variable specific heat effects. The simplest 

way to see how variable specific heats could affect the 

performance of the cycle would be to assign a “cold” specific 

heat to states between points 1 and 2 of the cycle, and a “hot” 

specific heat to states between points 3 and 4 of the cycle. 

Following the procedure described before, the net work 

output can be calculated by: 

 ���� = 	
X�� − ��� − 	
1��� − ��� − ���� − ��� = 	
X�� − ��� − 	
1��� − ��� − Y�X� − �1��Z = 	�1�� �+1 ���� − 1� + 	�X� �1 − +X ���� 

 

 

 

(19) 

 

Normalizing by 	�1�� yields: 

 ����	�1�� = �+1 − ����� + �	�X	�1
��� − 	
X	�1

����� 
 

(20) 

 

To keep the model consistent with discussions before, Eq. 

(20) should be written in terms of � and � alone.  Thus:   

 ���� = ���
��� = ��� ������[�� �[ = ��� �����

�����[���[

= ��� �������[���[ �����
�����[���[

= ��� ��������[�����\����[�\ �����
�����[���[

 

 

 

 

 

 

 

 

 

(21) 

 

Where kc = Cpc /Cvc and kh = Cph /Cvh are specific heat ratios for 

cold and burned gases, respectively. Substituting Eq. (21) into 

Eq. (20) gives: 

 ����	�1�� = +1 − ��\���\ + 	�X	�1 �
− 	
X	�1 � �����[�����\����[�\ �1�  1���[���[

  = +1 − ��\���\ + 	�X	�1 � − 	
X	�1  � ��[  ����[�[�\  

 
 
 
 
 
 
(22) 

 

The cycle efficiency can easily be derived from Eq. (22) in 

the same fashion as described before: 

 

, = ����	�1�� 	�1��	�X� − 	�1�� 
= FG

GH+1 − ��\���\ + 	�X	�1 � − 	
X	�1 � ��[ ����[�[�\
	�X	�1 � − ��\���\ QR

RS 

 

 

 

 

(23) 

 
 

Figure 10: Plot of ideal efficiency with constant and variable 

specific heats (+1 = 1.4 , +X = 1.33, �1 = �X = � = 287 ^_` _ ) versus pressure ratio for � =4, 5, 6. 

 

Equations (23) is plotted in Fig. 10 with pressure ratio as 

the independent variable for several values of temperature ratio, � = 4, 5, 6 and typical values of +1 = 1.4 , +X = 1.33 for air 

and burned gasses. A comparison is also made with the cold-air 

standard Atkinson cycle considered before (e.g. see Fig. 4). 

Results show that the variable specific heat model predicts 

lower efficiency which is expected with a more realistic model. 

Physically, for the same burner inlet and exit conditions, the 

variable specific model would demand more heat to be provide 

to the cycle, lowering the efficiency.   

 

PERFORMANCE OF ATKINSON CYCLE WITH 
VARIABLE SPECIFIC HEATS INCLUDING 
COMPRESSION AND EXPANISON LOSSES 

To make the model more comprehensive, an analysis with 

cold air and burned gas specific heats applied to a non-ideal 

cycle needs to be developed. First, an expression for net work 

output is developed as follows: 

 ���� = 	
X�� − ��� − 	
1��� − ��� − ��X� − �1��� = 	
X� �1 − ���� − 	
1�� ����� − 1�
− �� ��X ��� − �1� 

 

 

(24) 

 

Applying isentropic efficiency expressions to Eq. (24) and 

normalizing by 	�1�� yields: 

 ����	�1�� = 	
X	�1 � L,� C1 − ������[���[ DM − +1 L��\���\ − 1,1 M
− 1	�1 L�X � − �1 C��\���\ − 1,1 + 1DM 

 

 

 

 

 

(25) 
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Using part of the derivation for Eq. (21), P4 /P3 can be 

written in terms of � and � .  Hence, Eq. (25) can be written as: 
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(26) 

 

The cycle efficiency follows simply by multiplying Eq. 

(26) by 	�1�� and dividing by the definition of ��� adjusted to 

pre and post combustion specific heats: 

 

, = b ����	�1��c 	�1��
	�X	�1 � − L��\���\ − 1,1 + 1M

 

 

 

 

(27) 

 

Figure 11 shows a plot of Eq. (27) compared to results 

obtained in Fig. 8 for a cold air cycle. From the graph, it 

appears that the model with variable specific heats predicts less 

efficiency at lower pressure ratios.  However if the pressure 

ratio becomes high enough, the efficiency of the multiple 

specific heat model becomes higher than the cold air standard 

model, as the decay of the curve is much shallower than the 

cold air standard model.   

Lastly, Fig. 12 compares all four models of efficiencies 

(cold air ideal, ideal with variable specific heat effects, cold air 

non-ideal, and non-ideal with variable specific heat effects) for  � = 4. This allows for prospective on how the efficiency of 

each model compares with the others.   

As expected, the cold-air ideal model is the most efficient, 

with the maximum efficiency possible for the cycle being the 

Carnot efficiency.  The ideal model with variable specific heats 

is more realistic and is the next most efficient. The interesting 

part of this plot, however, is how the models with losses 

intersect each other, and the air standard with losses model 

becomes less efficient at higher pressure ratios. 

 

 

 

 

Figure 11: Plot of efficiency verses pressure ratio for cold air 

and variable specific heats (+1 = 1.4 , +X = 1.33, �1 = �X = � = 287 ^_` _ ) for � =4, 5, 6, including losses ,1 = ,� = 0.9. 

 

 

Figure 12: Plot of all efficiency models verses pressure ratio 

for � =4.     . 
 

SUMMARY 
In this study, the thermodynamics of the Atkinson cycle 

was analyzed using pure thermodynamics relationships. The 

analysis explored multiple models using graphical 

representations to interpret the results. The findings mapped out 

the optimum net work output and cycle efficiency for showing 

the relationship between these two quantities, and how the 

pressure ratio and operating temperature affects them. The 

results show that the effects of variable specific-heats of 

working fluid on the cycle performance are significant, and 

should be considered in practical cycle analysis. The results 

obtained in this paper may provide guidelines for the design of 

practical engines operating on the Atkinson cycle. 
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NOMENCLATURE 
 d
 Specific heat at constant pressure d� Specific heat at constant volume + Specific heat ratio � Ideal gas constant d
1 Specific heat at constant pressure for cold air  d
X Specific heat at constant pressure for burned gas � Temperature ratio � Compression pressure ratio ,1 Compression isentropic efficiency ,� Expansion isentropic efficiency "�#
�$% Pressure ratio corresponding to the maximum 

net work output ��'()�% Largest pressure ratio corresponding to where 

net work output becomes zero "�#
�$9 Pressure ratio corresponding to the maximum 

efficiency ��678 �9 Largest pressure ratio corresponding to where 

efficiency becomes zero 
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Abstract— The continuous casting process is used for 

solidifying molten steel into semi-finished steel. The 

technology for Secondary Cooling Zone (SCZ) is extremely 

important for output of casting machine and billet quality. 

Occurrences of internal defects e.g. edge cracks commonly 

known as diagonal cracks in the continuous cast product of 

steel Grade H is commonly related to the uniformity of the 

water flow rate control in SCZ. Design of Experiment, DOE is 

used in analyzing the parameters that influences the quality of 

the billet production; Secondary Zone 1st sector water flow 

rate, Secondary Zone 2nd sector water flow rate and Secondary 

Zone 3rd sector water flow rate. The optimum results are 

attained to achieve the best combination of parameters value 

to be used in continuous casting process.  

 

Keywords: diagonal cracks, DOE, secondary zone 1
st
 sector water 

flow rate, secondary zone 2
nd

 sector water flow rate, secondary zone 

3
rd

 sector water flow rate.    

1. Introduction  

Billet is a semi-finished steel product produced out from 

different types of scrap metals for the used in construction site 

as well as to fulfil needs in other secondary processes, e.g. 

rolling or forging into finished product, e.g. round bar, 

deformed bar or wire rod in coil forms. Today in the 

modernized world, the demand for billets continues to rise. 

Hence there is a growing need to understand the causes of 

defects occurring in the continuous casting process to improve 

casting conditions for production of high quality billets, thus 

increasing yield production, reducing wastages and energy 

consumption in return for higher profit to the company [1]. 

 

The research improvement concentrates on the finding out the 

causes of diagonal cracks which commonly occurs during the 

casting process in the Continuous Casting Machine (CCM).  

The casting process is the most important and critical process 

whereby the molten steel will be cast out through a copper 

mould while passing through a series of cooling sections to 

maintain the shape and size of the billets. The crack of the 

continuous casting billet is a fatal defect which may be cause 

by various different reasons. In this study, series of 

experiments are carried out with the aid of Design Expert, 

Design of Experiment (DOE) software to determine the 

processing parameters in reducing and avoiding the formation 

of such cracks. 

1.2. Problem Statement 

Diagonal cracks are defects which are regularly occurring 

through strands the 6-strand after being cast out from the 

casting machines. The occurrence of such defect tends to 

lower the yield production thus leading to loss in profit and 

material wastage. The presumed parameters influencing such 
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defect maybe due to the secondary 1st, 2nd and 3rd sector water 

flow rate. For that reason, investigation is carried out to attain 

and achieve the actual and ideal process requirement in the 

CCM. 

 

1.3. Research Objective 

Among the objectives for this study:- 

(1) To study and identify the effects of secondary zone 1st, 2nd 

and 3rd sector water flow rate during casting process.   

(2) To ascertain and discover the optimum settings for the 

secondary zone 1st, 2nd and 3rd sector water flow rate 

during casting process. 

 

1.4. The Basic Principles of Continuous 

Casting Machine (CCM) 

The CCM facility in company M is a 6-strand caster used to 

produce “semi-finished” billets. The objective of this section 

is primarily to cast the molten steel into billet. Figure 1.1 [2] 

shows an example of the bow type caster found in most steel 

mills. Once the required metallurgical composition or grade of 

steel is achieved at a certain temperature of 1590oC-1600oC, 

the molten steel is then transferred via nozzle into a ladle. 

When the ladle filled with molten steel is in the casting 

position, the slide gate is opened and the molten steel is 

transferred to the tundish via a long nozzle. A stopper rod is 

located at the bottom of the tundish which controls the flow 

rate of the molten steel into the mould. The tundish acts as a 

pool containing the liquid steel which feeds liquid steel to the 

mould at a regulated rate. The tundish allows continuous 

feeding of molten steel to the mould during ladle exchanges. 

 

                Fig.1.1, The continuous casting process. 

 

1.5. Diagonal Crack             

Diagonal crack is a main concern as it occurs frequently 

during production of Grade H billets. Diagonal cracks arise as 

a result of bulging of the narrow and broad faces due to lack of 

support, and also where the strand shell case undergoes 

rhombic distortion (rhomboidity). Even in cases where there is 

a perfect mould taper and properly aligned foot rolls, uneven 

strand cooling in secondary cooling zone of billet caster can 

cause rhomboidity. Although several studies suggested that 

cracks are related to rhomboid condition of the billet [3-7], 

this crack can also occur due to absence of rhomboid, due to 

improper corner radius [3, 8], or mould distortion and wear [4, 

5]. 

 
Fig. 1.2, Sample of cross-sectional area of a billet which 

shows diagonal crack. 
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Table 1.1, Summary of the analysis for diagonal crack.  

Defect 

identification 
 Easily detectable rhomboidity by 

measuring the diagonal. 

Possible Causes  Non-uniform PCZ or at the mould 

exit area or at SCZ. 

 Guide rolls not aligned 

Other Associated 

Causes 
 Deformed mould tube or with 

deposits on the outer surface. 

 Too high steel tapping temperature. 

 Incorrect mould geometry. 

Suggested 

Remedies 
 Check alignment between mould and 

guide rolls. 

 Check position and efficiency of 

spraying nozzles. 

 Replace mould tube 

Solution by 

conditioning 
 To conduct preventive maintenance 

frequently according to production 

schedule. 

Possible Effects 

on Rolled product 
 Cracks in the sub skin area up to 

5mm can create defects on hot rolled 

products. 

 Rhomboidity higher than 5% can 

create problems on hot rolling. 

 

1.6. Statistical Design of Experiment (DOE)  

Once DOE method has been chosen as the primary method for 

research study, the data collected is analyzed accordingly.  

The three factors are set with its high and low values to build 

and determine the range of each level. 

Table 1.2, Levels for Design Factors. 

Design Factors Levels 

Low High 

Secondary 1st Sector Water 

Flow Rate, l/min 

400 432 

Secondary 2nd  Sector Water 

Flow Rate, l/min 

326 350 

Secondary 3rd Sector Water 

Flow Rate, l/min 

68 80 

 

In this research study, a Full Two-Level Factorial Design, 2k is 

chosen toward the consideration of the criterion of the 

research study. A full factorial design considers all plausible 

combinations of the design factors and levels.  

 

1.7. Result 

The experiment conducted using Design-Expert software, is 

thoroughly analysed to investigate the three factors 

influencing the experiment response. Optimization is carried 

out after analysis to obtain the most optimum parameter using 

numerical, graphical or point prediction tools offered by the 

Design-Expert software.  

 

Based on the optimum settings generated by Design-Expert 

software for minimum goal of diagonal crack at moderate high 

level of importance is water flow rate (1st sector) = 

407.39l/min,  water flow rate (2nd sector) = 326.12l/min and 

water flow rate (3rd sector) = 68.02l/min. The optimum 

condition represents the combinations/setting of factor levels 

that is expected to produce the best performance. The 3D 

surface graph result produced by Design-Expert software is 

shown in Figure 1.3.  

 
Fig. 1.3, 3D Surface Graph based on the model’s desirability 

on diagonal crack. 

 

Figure 1.3 shows 3D Surface Graph for the factors A and B in 

the model. It estimates the performance at optimum condition.  

Notice how it flattens as the desirability is achieved. This is a 

region of stability for minimum diagonal crack response.  
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Fig. 1.4, Overlay plot produced by Graphical Optimization. 

 

Graphical Optimization presents the area of feasible response 

values in the factor space. Through the graph, a visual search 

is carry out in search for the best compromise. Yellow region 

is the area that satisfies the constraint evaluated; on the other 

hand, gray region is the area which does not meet the required 

criteria. The flag ‘pointed’ in Figure 1.4 depicts the area of 

feasible response for the model in accordance to the optimum 

settings evaluated in Figure 1.3.    

 

1.8. Conclusion 

With the aid of Design Expert Software, optimization is 

carried to discover a range of optimum setting for secondary 

zone 1st, 2nd and 3rd sector water flow rate. By using the range 

of optimum settings generated by Design Expert Software, it 

is known that there’s a slight decrease in the numbers of billets 

rejected from 359 to 321 billets (reduction of 8.5%) and from 

321 to 311 billets (reduction of 3.1%).  
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Abstract—The origin of this work takes place in a frame as 

form of sheets to assembly of an industrial application in order to 

study the behaviour of a mechanical connection between two 

metal sheets. The used method actually to assemble metal sheets 

is the assembly by fasteners. The economic interest resides in the 

reduction of the number of these connections in order to limit the 

operations of assembly and in the installation of an optimized 

connection as well in an operational way as calculative. To 

strongly reduce the number of the fasteners (screw, rivet) we will 

introduce bonded joint into the structure of the frame, to study 

and to compare the dynamic behaviours of the joints assembled 

by fasteners and adhesive. 

Keywords— mechanical assemblies, fatigue behaviour, single 

lap joint, bonded joint, screwed/riveted joint 

I.  INTRODUCTION  

The frame shown in the Fig. 1 is composed of different 
modules. This modularity requires a structural assembly with 
relatively important size. Currently, the assembly of the frame 
is reached by the traditional type of connections ( riveted 
or/and screwed). These methods of assembly require a high 
number of fasteners accompanied by as many complicated 
installation operations; also the assembly must ensure the 
sealing to protect the internal devices against the external 
attacks. The assembly by using the structural adhesive 
represents an alternative solution which has a many 
development recently. The frame is a non-disassembled 
structure; it’s assembled for one life time, any disassembly is 
provided in the future, the only one will be during the 
recycling. So the assembly by using the adhesive is perfectly 
adapted to this application. to compare the two modes of 
assembly, we chose to work on the assembly unit starting from 
the bolted lap joint in the tension and shear configurations with 
two parts cut out from the frame taking into account the 
geometry and the spaces between the fasteners, to be able to 
compare the results of the same parts assembled once fasteners 
and otherwise by structural adhesive. 

 

Fig. 1. metal frame 

II. SPECIMENS PREPARATION AND MATERIEL 

The used configurations of the specimens are: 

 The tension configuration (Fig. 2) with load F is 
perpendicular to the surface of connection. 

 The single-lap-shear configuration (Fig. 3) with load F the 
is parallel to the surface of connection. 

The mechanical characteristics data of the metal plates used 
in the construction of the specimens are presented in table I. 
The adhesive used in the bonded joints is a structural Epoxy 
adhesive 3M

®
 Scotch-Weld™ 7240 B/A [1]. Its mechanical 

characteristics data are obtained by experimental tensile testing 
on bulk specimen [2] according to standard NF EN ISO 527 
(Plastics - determination of the characteristics in tension) 
table II. The realisation of the bulk specimen by the process of 
moulding, using the silicone molds. 

The adhesive is charged with the grains of glass of 200 
micro-meter diameter to gauge the thickness of adhesive layer. 
The preparation of surfaces is done by a simple degreasing 
with a product of degreasing like acetone. The adhesive bonded 
joints are polymerized at ambient temperature. 

In the assembly by fastener we use two technologies of 
assemblies: 

 The first type of assembly (Fig. 4) with a screw forming 
which forms its tapping in the one of two plates to be 
associated, A nut of the Nylstop

®
 type comes to reinforce 

the connection. 

 The second technology of assembly (Fig. 5) is a rivet with 
nut to be crimped which has the commercial name Magna-
grip®.  

TABLE I.  MECHANICAL CHARACTERISTICS DATA OF THE 

METAL PLATES 

E 

(Gpa) 

ν Re : Yield stress 

(MPa) 

Ru: ultimate stress 

(MPa) 

200 0.3 200 270 to 420 

TABLE II.  MECHANICAL CHARACTERISTICS DATA OF THE 

ADHESIVE 

E 

(Mpa) 

ν Re : Yield stress 

(MPa) 

Ru: ultimate stress 

(MPa) 

2000 0.27 25 40 
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Fig. 2. Tension configuration (a): screwed or riveted joint, (b): bonded joint 

 

Fig. 3. Shear configuration, (a): screwed or riveted joint, (b): bonded joint 

 

Fig. 4. Screw forming + nut Nylstop® 

 
Fig. 5. Magna-grip® Rivet 

III. STATIC BEHAVIOUR OF THE JOINTS 

Fig. 6 and 7 show the results of the static behaviour of the 
joints with the tension and shear configurations respectively. 
The curves that show the results of screwed/riveted joints 

(Fig. 6a, 7a), we note that the linear zone is identical, it is the 
zone where we can quantify the rigidity of the connection (load 
divided by displacement) [4]. The nonlinear zones are 
synonymous with a high deformation of plates of the 
specimens. During the shear test, we can note a small linear 
zone that we can explain by a relative sliding of plates before 
the beginning of the load transfer on the fastener [5]. In the 
linear zone of the bonded joints, the joints represent a high 
rigidity compared to the screwed/riveted joints. The elastic 
zones observed on the curves load-displacement now enable us 
to better target the loads to be applied during fatigue tests. 

 

Fig. 6. Static tests for the tension configuration assembled by (a) screw /rivet 

and by (b) adhesive 
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Fig. 7. Static tests for the shear configuration assembled by (a) screw /rivet 

and by (b) adhesive 

IV. DYNAMIC CHARACTERIZATION OF THE JOINTS  

The principal objective of the fatigue tests is to obtain the 
endurance limit of of the screwed/ riveted joint [6] and the 
bonded joint [7]. The following curves show the results of the 
dynamic tests with tension configuration (Fig. 8) and shear 
configuration (Fig. 9) using the Wӧhler method ( maximum 
load in term of number of cycles before failure). 

In the screwed and riveted joints we can notice that the 
results in fatigue are very similar, and the endurance limite is 
around 1.5 KN in tension configuration and 3.8 KN in shear 
configuration. The endurance limite for the bonded joint is 
approximately the double with respect to riveted and screwed 
joints with more important numbers of cycles. 

During these tests with the screwed and riveted joints, we 
note the same degradation, with a rotation of the fastener under 
the effects of the effort, then the appearance of crack in plates 
until total breaking (Fig. 10a, 10b, 11a, and 11b). We note that 
the failure of the bonded joints in tension configuration, is 
always adhesive on the interface between the adhesive layer 
and the plate (Fig. 10c) while in shear configuration is mixed, 
cohesive failure in the medium and adhesive failure on the 
edges of the surface of cover (Fig. 11c). 

 

 

Fig. 8. Wöhler’s curves in tension configuration, screwed/riveted joints & 

bonded joint 

 

 
Fig. 9. Wöhler’s curves in shear configuration, screwed/riveted joints & 

bonded joint 

 

Fig. 10. failure for the joints with tension configuration: riveted joint (a), 

screwed joint (b), bonded joint (c) 
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Fig. 11. failure for the joints with shear configuration: riveted joint (a), 

screwed joint (b), bonded joint (c) 

V. CONCLUSIONS 

This paper is prepared to analyse the mechanical joints 
(screwed/riveted and bonded) under static and dynamic loads. 
The static tests allows to obtain the global behaviours of  the 
joints. In the screwed/riveted joints the failure is always in 
plates and not in the fasteners (screw or rivet). In the bonded 
joints the failures are adhesives in the interface between the 
adhesive layer and one of two plates. This adhesive failure is 
caused by the presence of an organic layer Easyfilm® used to 
protect the used metal plates from corrosion [8]. The 
degreasing we used for the preparation of surfaces does not 
remove this layer. 

The endurances limit and the numbers of the cycles, in 
tension and shear configurations are more important in bonded 
joints than in the two other types of joints, so structural 
adhesive can be an alternative solution in the assemblies of the 
frame. This result is obtained with a cyclic loading at ambient 
temperature and the next stage is to show the obtain the 
behaviour of the boned joints with a high temperature than the 
ambient temperature. 
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Abstract—In this study, an annular water–air flow under 
adiabatic conditions is investigated. Mass transfer by the 
evaporation from a wall liquid film into the air flowing inside a 
tube is studied. A series of experiments were performed, in order 
to investigate effects of the water flow rate, the air flow rate and 
the air humidity on water evaporation and the pressure drop in 
the annular flow. The experimental results are presented and 
correlated in terms of dimensionless numbers, namely Sherwood, 
Reynolds and Schmidt number. 

Keywords— annular two-phase flow, liquid film, mass transfer 
coefficient, friction factor  

I.  INTRODUCTION 

Problems involving heat and mass transfer in two-phase 
flows arise in power plants, cryogenics, chemical engineering 
and food processing. Methods based on analogy between heat, 
mass and momentum transfer in single-phase flows are 
commonly used to explain the mechanism of heat and mass 
transfer in two-phase flows. From the literature review it is 
clear that there are no direct experimental evidence about the 
analogy between heat, mass and momentum transfer in two-
phase flows.  

The measurements regarding the two-phase flows are 
rather complicated and new data are necessary to obtain a 
better insight into the evaporation from a liquid film. The heat 
or mass transfer from a liquid film is fundamentally influenced 
by the presence of free surface waves [1,2,3,4]. However, the 
exact theory describing the mechanism of the transport 
enhancement particularly for a liquid film flows with irregular 
interfacial structures, is still not fully established. Most mass 
transport measurements on liquid films are conducted in 
wetted wall columns. The mass transfer rate was investigated 
by numerous researchers. However, the influence of the liquid 
flow rate on the rate of evaporation has not been investigated 
yet [5]. 

An overview of early relevant works in this field is 
provided by [6], further references can be found in the work of 
[7]. The rate of gas-side mass transfer of liquid films on 
strongly curved surfaces has not been investigated yet. The 
liquid-side mass transfer of planar films has also been 
investigated by a number of authors [8, 9,10,11]. 

In all the experiments mentioned above, the gas flow rate 
was relatively low and an interaction of liquid and gas-phase 
fluid dynamics was not considered. Mass transfer experiments 
at high Reynolds numbers of gas and liquid were carried out 
by [12] in a wetted wall column in concurrent flow. 

Friction factor is a very important parameter to 
characterize the pressure drop in a two-phase flow. An 
excellent review and collection of references, which refer to 
the friction factor in two-phase flows, could be fined in [13].  

In this work we experimentally investigate the adiabatic 
evaporation and the pressure drop in the annular two-phase 
flow with very low water flow rate and observed the pressure 
reduction. 

II. ANALYTICAL CONSIDERATIONS 

A. Adiabatic evaporation of annular liquid film 

In order to understand the annular flow and its influence 
on the mass transfer coefficient, the physical parameters that 
are relevant to the problem are considered in this study.  

Mass transfer of the water (A) evaporation into the air (B) 
inside the wetted-wall tube first has been considered 
analytically. Liquid water film flows on the inner wall of the 
tube while the air flows through the core of the tube (annular 
flow) as illustrated in Fig. 1. Dry air enters the bottom of the 
wetted section at ambient temperature and atmospheric 
pressure. 

a)  b)  c)  

Fig. 1. Wetted-wall section: (a) a photograph of the test section, (b) schematic 
diagram and (c) differential element of the section. 

The water can enter the top or the bottom of the test section, 
depending on the air speed forming a co-current or a counter-
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current flow. The water evaporates from the air-water 
interface due to the difference between the partial pressure of 
saturation and the vapor partial pressure, )(zpp AA 

  as a 
driving force. Partial vapor pressure in the air stream increases 
from 

in)( AA pzp   at the inlet of the test section, to 

out)( AA pyp   at the outlet of the test section. It is reasonable 

to assume that the initial value of the overall gas flow remains 
almost constant and that the gas behavior is of the dry air. The 
temperature and the pressure are assumed constant as well. 
Therefore, Reynolds and Schmidt numbers of the air are 
constant along the section and, consequently, the mass transfer 
coefficient is constant [14]. The water balance (component A) 
for a differential element of the wetted tube Δz, at a steady-
state evaporation and a constant molar gas flux, ucmM  , is 
expressed as 
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            (1) 

where yA is mole fraction of the water vapor inside the gas 
phase, S is the evaporation area and D is the section diameter. 
By substituting VSa  , Eq. (1) can be written as 
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Applying the boundary conditions as 0z , we have 
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where 
Ap  is the vapor pressure and ppy AA  . Finally, the 

mass transfer coefficient can be written as 
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where L is the overall height of the wetted section. For diluted 
solutions one may assume 

ABG DRTDkSh , where R is the 

molar gas constant. The Sherwood number is 
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Thus,  ScRe,Sh f . The mass flux of the gas phase is 

Gum  , its molar flux is MmmM   , the Reynolds number 

is DmRe , and 
ABDvSc . The air properties (ρ, μ, DAB i 

Sc) depend on the temperature and the pressure. The vapor 
concentration in the air flow is RTpc AA outout  , which is 

determined from the air humidity at the inlet and the outlet of 
the test section. The mass transfer coefficient and Sh number 
was determined using Eq. (4), and Eq. (5), respectively.  

B. Friction factor in an annular flow 

The interfacial stress, 
i , represents the drag on the liquid 

film. It is desired to predict the dependence of 
i  on the flows 

of the gas and of the liquid film. The solution of this problem 
is central to predicting the behavior of gas–liquid flows. The 

interfacial stress is determined by measuring the gas-phase 
pressure gradient and the height of the liquid layer under 
conditions of a fully developed symmetric flow. The 
interfacial stress is usually described in terms of a friction 
factor, fi, so that 

2
G

i
i 2

u
f

G     (6) 

where 
Gu  is gas velocity. If the interface is smooth, fi is the 

same as is found for flow over smooth solid surfaces, 
designated as fS. However, the presence of waves at the 
interface can lead to very large values of fi/fS, which are 
related to the amplitudes of the waves. 

For a smooth surface with a single-phase turbulent flow, 
the friction factor can be approximated by [15], 

2.0
GS Re046.0 f                  (7) 

where 
GRe  is the gas-phase Reynolds number. 

The liquid film Reynolds number is defined as 

L

LF
LF

4
Re

D

M
                (8) 

where 
LFM  is the liquid film mass flow rate. The Colburn–

Carpenter hypothesis gives dimensionless height of the liquid 
layer around the circumference [16], 

  4.05.29.0
LF

5.25.0
LFG )Re0379.0()Re707.0(           (9) 

Thus, Eq. (9) provides the value of    u   for a given 
flow rate of the film. Therefore, average height of the liquid 
layer around the circumference could be estimated, 

 GGGG u              (10) 

Asali et al. [17] measured interfacial stress for upward 
vertical annular flows and chose a scaling based on the 
viscous length for the gas phase. Particular attention was given 
to low liquid rates and high gas velocities for which the film 
can have thicknesses of 30 to 200 μm. The following relation 
for the friction factor was obtained at 25G u  m/s 

)4(45.01 G
S

i  
f

f      (11) 

where 
GGG    u  is the ratio of the film height to a gas-

phase length scale, 
G  is kinematic viscosity of the gas and 

21
GiG )( u  is the friction velocity, using the shear stress 

at interface. Approximations for 
G  both in the ripple and 

disturbance wave regimes are suggested by [17]. 

III. EXPERIMENTAL SET-UP AND MEASUREMENT 

TECHNIQUES 

A schematic of the experimental apparatus is shown in Fig. 
2. Both adiabatic evaporation and pressure drop experiments 
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were carried out on the apparatus. It is the same as that 
described by [18].  

Two vertical test sections are used. A Plexiglas test 
section, smooth tube with the average roughness Ra=0.01 m, 
14 mm inner diameter (ID) and 980 mm (L/D=70) long, and a 
stainless steel (SS 304) technically smooth tube with Ra=3.37 
m, 13.2 mm ID and 924 mm (L/D=70) long. A flow 
development section of 60 tube diameter (Le/D=60) is used to 
ensure that turbulent air flow is fully developed at the test 
section inlet. Porous segment connected to gas–liquid 
separators are used to inject the liquid into the test section to 
form the liquid wall film and to remove the liquid wall film at 
the other side of the test section. The porous segments are 
constructed from stainless steel washers of the same internal 
diameter as he test section and 45 mm long. The distance 
between two washers is 0.1 mm. The washer assembly is 
enclosed in a Plexiglas cylinder shutter, and is provided with a 
drain that is connected to a pump (second porous section to 
inject water) while other two porous sections are connected to 
the cyclone gas–liquid separators (11a,b). The test section 
pressure forced the liquid out of the pipe trough the porous 
section into the cyclone gas–liquid separators and water are 
collected into a measuring vessel. Some gas is inevitable 
removed with the liquid and it is important to minimize its 
rate. In the measurement described here the gas take-off at an 
porous segment was typically around 0.5% of the total gas 
flow through the test section, and is considered to have no 
significant effect on the pressure drop.  

 
Fig. 2. Experimental set-up: a) line diagram: 1–compressor, 2–air dryer, 3–
rotameter, 4–water tank, 5–pump, 6–rotameter, 7–air distributor, 8a,b,c–
porous segment, 9–flow development section, 10–test section, 11a,b–gas–
liquid separators,12a,b–measuring vessel. 

Distillated water from a water tank (4) is circulated by a 
variable speed gear pump (5). The water flow rate is measured 
by a rotameter (6) with an accuracy of ±2%. After leaving the 
rotameter, the water flows into the test section (10) through a 

porous segment (8b) at the bottom of the test section. In the 
experiment, air from a compressor (1) passes first through a 
refrigerated air dryer (2) to remove the moisture and later 
through an oil filter to eliminate the oil content. The air flow 
rate was regulated by a pressure regulator and a valve and 
measured by means of a calibrated rotameter (3). The air 
velocity in the test section is calculated from the measured air 
flow rate, temperature and pressure. The flow rate of the air–
water mixture is controlled by a valve and the removed air is 
measured by a rotameter (13b) installed after the gas–liquid 
separator (13b). 

Air humidity and temperature at the inlet and outlet of the 
test section and the pressure difference along the test section 
are measured. Partial pressures are determined from the 
measured relative humidity at the inlet and the outlet of the 
test section, and Eq. (5) is used to calculate the Sherwood 
number. The liquid flow rate at which the entrained droplet 
was observed in the section after the upper porous segment 
indicates the critical liquid flow rate, MFC, at which 
atomization of the liquid film occurs. Liquid film atomization 
is not observed in the experiment. The critical liquid film 
Reynolds number 

LFCFC 4Re dM , at which the liquid 

film atomization occurs, in terms of the gas Reynolds number 
is reported by [18]. 

IV. EXPERIMENTAL RESULTS 

A. Adiabatic evaporation  

The experimental results of adiabatic liquid film for 
vertical upward co-current annular flow are shown as the 
Sherwood number in terms of the gas Reynolds number. The 
variation of the average Sherwood number against the air 
Reynolds number (ReG) in a range from 25000 to 70000, are 
shown in Fig. 3. Relative air humidity at the inlet of test 
section varied from 1% (using a silica gel dryer) to 14.5%. 

Water flow rate was in the ranged from 1.6 dm3/h to 4.6 
dm3/h. The average Sherwood number, defined as 

ABG DRTDkSh , in terms of the Reynolds number is 

obtained as 
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Fig. 3. The Sherwood number in terms of the Reynolds number. 
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Above correlation is compared to the Linton and 
Sherwood [19] correlation for turbulent mass transfer in a pipe 
flow. The correlation [19] gives 2.3 times larger Sherwood 
number at ReG=25000 and 2.67 times at ReG=70000 than that 
obtained in the present experiment, as Fig. 4 shows. 

B. Friction factor 

The Fanning friction factor against the gas Reynolds 
number is shown in Fig. 4. The Fig. 4 compares present 
experimental data and Eq. (7). 
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Fig. 4. The friction factor: present experimental data and Eq. (7). 

The friction factors are determined for the water flow 
rates. The flow rate varied from 0.4810–5 to 16.7410–5 kg/s, 
and the corresponding liquid film Reynolds number varied 
from 0.37 to 13. The air flow rate ranged from 7.56 10–3 to 
18.38 10–3 kg/s and the gas Reynolds number 43000 to 
97000. 

In this study, as the best fit for predicting the Fanning 
friction factor in air–water two-phase flow, power law is used 

298.0
GRe0507.0 f    (13) 

In this experiment, the friction factor was less than that 
that predicted by Eq. (7). Evaporating thin liquid film, which 
flows parallel to the gas, influences pressure drop and reduces 
the friction factor. It also influenced the mass transfer 
coefficient. The mass transfer correlation based on the heat 
transfer analogy overpredicts the mass transfer coefficient, 
here expressed in dimensionless form as the Sherwood 
number. The height of the liquid layers is not measured in this 
experiment.  

The dimensionless height of the liquid layer estimated 
using Eq. (9) is about 1 m. The height of the liquid film was 
also predicted from the ratio 

Si ff , given by Eq. (11), where 

if  is calculated from the experimental data and 
Sf  is 

estimated from Eq. (7). For these data, the height of the liquid 
films is about 27 m. 

V. CONCLUSION 

Initial experimental work has been carried out to 
investigate evaporation of water in a vertical upward co-
current annular flow under adiabatic conditions. The 

experimental results, as the Sherwood number in terms of the 
air Reynolds number are correlated by power law in terms of 
the air Reynolds numbers. The experimentally obtain data 
show much lower values than the correlation proposed by 
Linton and Sherwood [19]. The results from current study 
indicate that the evaporating thin liquid film reduces the 
friction factor. While a greater height of the liquid layer 
contribute to a rapid increase of the friction factor. Further 
experiments are needed for a better understanding adiabatic 
evaporation liquid film driven by a fast moving gas. 
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Abstract— As high-rise buildings globally increase, double-

layered curtain walls are being preferred for the beauty and 

natural ventilations. However, when the external cladding of a 

building comprising glasses or metals is damaged, fire can 

rapidly propagate to upper levels and it makes loss of lives and 

property.  

In this study, when water directly flows on the surface of wall 

to be protected, numerical analysis is performed to investigate 

the effect of the thickness of water-layer on fire resistive of the 

curtain wall. 

Consequently, the thickness of the water-layer decreases as 

temperature of the curtain wall increases, that is, the fire resistive 

performance decreases. Also, the rate of increases in temperature 

of the curtain wall is much larger than that of the rate of 

decreases in the thickness. This is important from the point of 

view of the design and safety standards for curtain wall systems. 

Keywords— curtain wall: CFD; fire resistive performance; 

water-layer 

I. INTRODUCTION 

As high-rise buildings globally increase, double-layered 
curtain walls are being preferred for the beauty and natural 
ventilations. However, when the external cladding of a building 
comprising glasses or metals is damaged, fire can rapidly 
propagate to upper levels and it makes loss of lives and 
property. Thus, it is important to investigate and control 
distribution of temperature in the curtain wall when fire occurs. 

Numerous researches have been conducted to advance the 
fire resistive performance of curtain walls for decades. Water 
spray curtain is a representative system to cut off heat. The 
curtain composed of water droplets is generally located in front 
of the wall to be protected. It behaves as a filter and can reduce 

radiative heat flux [1]. Water sprays can provide thermal 
shielding to maintain the integrity of neighboring structures in 
case of reservoir fire [2, 3]. However, the difficulty lies in the 
optimal nozzle design and high injection pressure is needed. 

Our research team have tried to advance the water curtain 
system. The final system is that a flowing water-layer is 
directly laid on the surface of the curtain wall to cut off heat. 
The greatest advantage of this system is easy to control 
temperature of the curtain wall by adjusting a flow rate of the 
water-layer. However, there is a little researches and relational 
statue globally. 

In this study, when water directly flows on the surface of 
wall to be protected, numerical analysis is performed to 
investigate the effect of the thickness of water-layer on fire 
resistive of the curtain wall.  

II. NUMERICALDETAILS 

A. Modeling and Grid generation 

The numerical domain is 2-dimensional geometry as shown 
in Fig. 1. The domain is divided to four regions including hot 

Fig. 1. Schmetic of the numerical domain. 
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gas (room), water-layer, curtain wall (aluminum) and ambient 
air (cold air). Three numerical cases are selected to investigate 
the influence of thickness of water-layer on fire resistive of the 
curtain wall as shown in Table 1.  

The room size is 10 m x 2.4 m. Hot gas, which means a fire 
plume, is entertained from the region of 0.3m. Also, the hot gas 
and fresh air flow in/out through the window. The curtain wall 
is made up of aluminum and the thickness is 1 cm. Geometric 
conditions except the thickness of water-layer are equal in all 
numerical cases. 

Grids are generated with ANSYS ICEM V14.5 and 
comprise square cells. The number of cells selected by grid 
independent test is shown in Table 1. 

B. Governng Equations 

The standard k-e turbulence model considering buoyancy 
effects is used for turbulent flows and the y+ value of first 
nodes from walls of the hot gas region remains within 100. 

Radiation effect is considered with the P-1 radiation model. 
The reflection of incident radiation at the surface is isotropic 
with respect to the solid angle. Refractive index for hot gas and 
water is 1.0 and 1.33 regardless of variations in temperature 
and flow conditions, respectively. Conjugate heat transfer is 
calculated interfaces between two regions, e.g., hot-gas and 
water-layer, curtain wall and ambient air. 

The SIMPLE algorithm is used for pressure-velocity 
coupling of 2-dimensional steady flow. 

C. Boundary Conditions 

Water flows from top to bottom in the water-layer on the 
surface of the curtain wall. Thus, the velocity-inlet condition 
with 0.1 m/s and the pressure-outlet with static pressure 0 Pa 
are applied to the top and the bottom of the water-layer, 
respectively. And temperature of water is fixed to 300K. The 
inlet velocity and the temperature is equivalent in all numerical 
cases. 

In order to assume a fire plume, the temperature of hot gas 
is 1000K and the flow rate per unit depth is 0.15 m2/s. Also, 
the pressure-outlet condition is applied to the window. Outer 
walls around the room and the curtain wall are no-slip 
condition and adiabatic condition for flow and heat transfer 
calculations, respectively. Conjugate heat transfer including 
conduction and convection is calculated interfaces between two 
regions, e.g., hot-gas and water-layer, curtain wall and ambient 
air. 

The pressure-outlet condition is applied to all boundaries of 
the ambient air region except the interface with the curtain wall. 
In addition. When backflows occur at boundaries applied with 
pressure-outlet such as the window and the ambient air region, 
temperature of backflows is 300K as the ambient temperature. 

TABLE I.  NUMERICAL CASES AND NUMBER OF GRID CELLS 

III. RESULTS AND DISCUSSION 

Hot gas, i.e., fire plume, causes two large vortex around the 
room due to a ceiling jet. Also, an ascending air current occurs 
along the right side of the curtain wall because hot wall surface 
causes buoyant flows as shown in Fig. 2 (a). And Fig. 2 (b) 
shows the distribution of temperature in domain. 

Fig. 3, Fig. 4 and Fig. 5 show temperature profiles along 
the horizontal line near curtail wall. In terms of global trend, 
hot gas is rapidly cooled near the water-layer. This is because 
flowing water continuously takes away heat from the hot gas. 
There is no temperature gradient inside the curtain wall along 
the axis x-direction, and then temperature steeply decreases at 
the outer surface of the curtain wall. On the contrary, along A-
A’ line as shown in Fig. 3, temperature of the ambient air 
region is higher than that inside the curtain wall due to the 
buoyant flows. The reason is that the air heated up by the 
curtain wall rises due to the buoyancy effect. Overall, the 
thickness of the water-layer decreases as temperature of the 
curtain wall increases, that is, the fire resistive performance 
decreases. This is because the thickness of the water-layer is 
directly related with the rate of heat taken away by the flowing 
water. Also, the rate of increases in temperature of the curtain 
wall is much larger than that of the rate of decreases in the 
thickness.  

Fig. 6 shows temperature profiles inside the curtain wall 
along the vertical line. When the thickness of the water-layer is 
2 mm, temperature suddenly increases in all points. The water-

Case No. Thickness of water-layer Number of grid cells 

1 2mm 11,280 

2 5mm 10,920 

3 10mm 9,820 

Fig. 2. (a) Velocity contour and vector, (b) Temprature conour 

Fig. 3. Temperautre profile along the A-A’ line at y = 2.3 m. 
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layer can be assumed to an insulator because water flows with 
the constant velocity of 0.1 m/s. At the bottom of the curtain 
wall, Reynolds number is about 239,000 and the boundary 
layer thickness is about 2.5 cm. Thus, the effect of turbulent 
flows on the heat transfer can be neglected. Also, radiation 
effect can be neglected because water temperature is small. 
Consequently, conduction is dominant for the heat transfer 
between hot gas and the curtain wall. 

 

 
2

1
~conductionQ

t
  (1) 

The thickness of the water-layer, t , is related with heat 

conduction,
conductionQ , as shown in (1). Therefore, temperature 

of the curtain wall suddenly increases as the thickness of the 

water-layer decreases. 

IV. CONCLUSION 

This study is focused on the effect of the thickness of 
water-layer on fire resistive of the curtain wall.  

Consequently, the thickness of the water-layer decreases as 
temperature of the curtain wall increases, that is, the fire 
resistive performance decreases. This is because the thickness 
of the water-layer is directly related with the rate of heat taken 
away by the flowing water. Also, the rate of increases in 
temperature of the curtain wall is much larger than that of the 
rate of decreases in the thickness. 

This is important from the point of view of the design and 
safety standards for curtain wall systems. 
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Fig. 4. Temperature profie along the B-B’ line at y = 1.2 m. 

Fig. 5. Temperature profile along the C-C’ line at y = 0.1 m. 

Fig. 6. Temperature profile along the C-C’ line inside the curtain wall. 
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Abstract—The influence of TiO2/SiO2 and SiO2/Al2O3 ratio 

were verified to identify the individual function in construct of 
complex network structure and to examine the structural change 
at high temperature. The viscosity at high temperature decreased 
as TiO2/SiO2 ratio increased and increased as SiO2/Al2O3 ratio 
increase at high temperature. The network structure was studied 
using Fourier transform infrared (FTIR) and X-ray 
Photoelectron spectroscopy (XPS). The [SiO4]

4--tetrahedral 
symmetric stretching vibration and the [AlO4]

5--tetrahedral 
asymmetric stretching vibration became less pronounced as 
TiO2/SiO2 ratio increase and the reverse phenomenon was 
observed as SiO2/Al2O3 increase. XPS analysis also suggested that 
the network structure, which is constructed by dominant 
structural units, can be exchanged as bridged oxygen (Oo), non-
birdged oxygen (O-) and free oxygen (O2-) fractions. The 
activation energy for present slag system was calculated with 
Arrhenius type relationship equation.  

Keywords—viscosity; structure analysis; XPS; FTIR 

I.  INTRODUCTION  

Recently, researchers have been increasingly giving an 
effort to improve the quality of steel due to the rising demand 
for high strength steel. One of the important steps to get 
improved steel is welding process. The stringent safety around 
welded area and the control of various impurities at the 
interface are necessary to materialize the welding zone. 
Furthermore, the contamination from the atmosphere 
determinates the welded steel properties.[1-3] Thus, the study 
on the fundamental relationship between welding flux and base 
metal and the additional understanding in phenomenon during 
welding procedure has to be accompanied in development.  

In the aspect of designing of welding flux, it is so important 
to understand the characteristic flux properties such as 
viscosity, wettability and electric conductivity. Especially the 
viscosity significantly affects the wettability and crystallization 
phenomenon which can be directly connected with diffusion 

coefficient. But the papers regarding the viscosity property and 
the effect of individual oxides on the network structure at high 
temperature including TiO2, MnO and Al2O3 contents have yet 
been broadly published up to the present. Amphoteric oxides 
TiO2, MnO and Al2O3 can act as both the network forming unit 
with supplied free oxygen (O2-) and the network modifying unit 
which construct the network structure and increase the 

viscosity such as SiO2.[4-8] So, the further study on TiO2, 
MnO, SiO2, Al2O3 and each function in network structure 
should be further discussed. In addition, both of Al2O3 and 
SiO2 presence in slag system can increase the alumino-silicate 
structure, which can influence the thermodynamic property 
such as viscosity and spreading ability of flux.[9] Thus, in this 
study, the effect of TiO2/SiO2 ratio and the effect of Al2O3 
substitution by SiO2 in TiO2, MnO containing slag system were 
investigated.   

Fig. 1. The experimental composition of TiO2-30MnO-SiO2-Al2O3 based 
phase diagram calculated by FactSage®. 
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II. EXPERRIMENT 

A. sample preparation 
All samples were prepared as the master slag of at least 

160g by melting it at 1773K (15000C) for 5 hours under 2 
L/min of UHP Ar (99.9999vol%) using a resistance box 
furnace to achieve the homogeneity in every fragment 
composition. After viscosity measurement, all samples were 
analyzed with X-ray fluorescence (XRF, S4 Explorer; Bruker 
AXS GmbH Karlsruhe, Germany) to identify the composition 
changes between weighed and post-experimental compositions. 
XRF results were presented in Table. 1. From the XRF 

analysis, the negligible change was observed ensuring that 
there is no volatile element in the present oxide system. The 
compositions of the samples were also planned in advance 
using commercial program Factsage® calculation to predict 
whether the chosen composition would be melted at the 
experimental temperature range. The phase diagram of TiO2-
30MnO-SiO2-Al2O3 at 1673K (14000C) was presented in Fig. 1, 
which shows the possible primary phases in the target   
temperature and the equilibrium condition. The expected 
primary phase was revealed as the TiO2 (rutile) phase except 
for the one composition of the 30TiO2-30MnO-15SiO2-
25Al2O3 slag system, where the primary phase was calculated 

as the Al2TiO5 phase. The effect of the primary phase will be 
explained in the results session.   

 

 

Fig. 2. The experimental apparatus & description. 

TABLE I.  PRE- AND POST-EXPERIMENTAL RESULTS FROM THE XRF 

ANALYSIS FOR THE TIO2-MNO-SIO2-AL2O3 SLAG SYSTEM. 

 

B. Viscosity mesurements 
The experimental conditions and the schematic of the 

experimental apparatus were presented in Fig. 2. The total of 
120g master slag was put into the beaker type Pt-10Rh crucible   
and heated up to 1773K (15000C) for 10 hours under the Ar 
1L/ min atmosphere in vertical resistance furnace. After the 
temperature was held for 3 hours for the sample to reach the 
thermal equilibrium and to be completely melted, the bob (Pt-
10Rh) was inserted in the slag and the viscosity was conducted 
with commercial program measurement of Wingather 
2.5version (Brookfield engineering laboratories, INC.). The Ar 
gas was refined with CaSO4 and CaO vertical cylinder, which 
were directly connected with Ar gas barrel, to eliminate the 
excess moisture and CO2 gas. The hot zone in vertical mullite 
furnace was identified as approximately 5cm to prevent the 
temperature gradient in all area and calibrated with a B-type 
reference thermocouple (Pt-10Rh). The temperature was 
controlled using a proportional-integral-derivative controller 

(PID) within ±3K error. The viscosity values were measured 
using the Brookfield digital rheometer (LVDV-II+ ; Brookfield 
Engineering Laboratories, Middleboro, MA), which is 
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appropriate to measure an expected viscosity value range 
which was previously expected using Factsage® calculation, 
with 25K interval until more below than break temperature 
range (Tbr). Each target temperature has been held for 15 min 
to reach an equilibrium state and held for 15 min for viscosity 
measuring process. All viscosity values were transformed from 
the torque to the Pa·s using standard silicon oil calibration. 

C. Slag structure analysis using FTIR and XPS 
The molten slag, after the viscosity measurements was 

quenched on a Cu mold which floated upon the liquid nitrogen 
to get a non-crystalline phase and analyze the complex network 
structure at 1773K (15000C) with FTIR (Spectra100; Perkin-
Elmer, Shelton CT, USA) and XPS (K-Alpha; Thermo 
Scientific Instrument, XPS mono, model : K-alpha by Thermo 
U. K.) assuming that the liquidus slag structure was maintained 
during quecnching. The O1s XPS spectrum was measured using 
a monochromatic Al Kα source and calibrated with the C1s 
core level standard at 285eV. After the base line was plotted 
with Shirley’s method, the oxygen peak was deconvoluted  and 
fitted as three type spectra such as free oxygen (O2-), non-
bridged oxygen (O-), bridged oxygen (O0) using a mixed 
Gaussian-Lorentz function. The commercial software SDP 
v4.11 (XPS International, LLC software, USA) was chosen for 
deconvoluting of spectra. The three oxygen peaks with r2 of 
over 0.99 were selected and fitted with a full-width half 
maximum (FWHM) of less than 2.0eV to ensure reliability 
which is presented in Table 2.  

TABLE II.  O1S DECONVOLUTED PEAKS WITH EACH BINDING ENERGY(EV) 
AND FWHM(EV). 

No. (T+M)/(S+A) SiO2/Al2O3 O2- FWHM O- FWHM Oo FWHM 

1 2.33 1.00 530.25 1.74 531.33 1.33 532.15 1.54 

2 1.86 1.33 530.45 1.79 531.34 1.26 532.24 1.36 

3 1.50 1.67 530.52 1.68 531.34 1.08 532.01 1.17 

4 1.50 1.00 530.47 1.62 531.52 1.33 532.47 1.38 

5 1.50 0.60 530.48 1.97 531.49 1.42 532.06 1.40 

6 1.50 3.00 530.65 1.75 531.37 1.31 532.05 1.45 

 

 

Fig. 3. Viscosity measurements of the fully liquid region and solid/liquid 
coexisting region beyond the break-point temperature in the 30TiO2-
30MnO-25SiO2-15Al2O3 slag. 

 

Fig. 4. Influence of  TiO2/SiO2 ratio on the viscosity in the TiO2-35MnO-
SiO2[10] 

 

Fig. 5. Influence of  TiO2/SiO2 ratio on the viscosity in the TiO2-30MnO-
SiO2-Al2O3 
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III. RESULT AND DISCUSSION 

A. Influence of TiO2/SiO2 and SiO2/Al2O3 ration on the 
viscosity 

 
A primary phase appeared in liquid phase. Which temperature 
point usually called break temperature and it distinguished the 
fully liquid and liquid-solid coexisting temperature. But the 
exact break temperature can’t be found during experiment thus, 
it can be expressed as break temperature range presented in Fig. 
3. 

 Fig. 4 shows the influence of TiO2/SiO2 on the viscous 
behavior in the TiO2-MnO-SiO2 slag system at various 
temperatures, the results of which were already discussed in the 
previous work which was published by Kim and Sohn[10] to 
identify how TiO2, MnO affects the silicate network structure 
is presented to compare between the ternary slag system. Fig. 5 
shows the influence of TiO2/SiO2 ratio on the viscous behavior 
of the TiO2-30MnO-SiO2-15Al2O3 system. Both graphs present 
the viscosity values in the fully liquid region above break 
temperature region. As TiO2/SiO2 ratio increased, the similar 
trend was identified, where the viscosity values decreased 
linearly with TiO2/SiO2 ratio increase. The amphoteric oxide 
Al2O3 seems to make the viscosity increase and steeper with 
TiO2/SiO2 ratio variation and work as acidic oxide promoting 
the formation of the complex silicate structure. It can be 
understood that the excessive TiO2 and MnO content result in 
the lower viscosity values in individual way. This will be 
further discussed in structural analysis part. It can be expected 
that the measured viscosity values in the present quaternary 
TiO2-MnO-SiO2-Al2O3 slag system at high temperature region 
relatively higher than the ternary TiO2-MnO-SiO2 slag system 
when the TiO2/SiO2 ratio is lower than 2.0 according to the 
slopes of the viscosity values. This expectation could be 

reconfirmed from the Factsage® calculation between TiO2/SiO2 
ratio of 2.0 and 0.8 in Fig 4. Fig. 6 shows the viscosity 
variation with another reference, Siato et al., which a function 
of extended basicity. The definition of extended basicity can be 
expressed as the summation of basic oxides over the 
summation of acidic oxides. Thus, the extended basicity by 
Saito et al.[11] results can be defined as 
(TiO2+CaO)/(SiO2+Al2O3). It usually presents the comparable 
effect of oxides in the composition variation included various 
oxides. Both results show the similar viscosity with the 
extended basicity. The viscosity trend between 1773K 
(15000C) from the 1673K (14000C) shows almost the same 
values but the viscosity values near the break temperature 
region seems to be off the linear trend. The results by Saito et 
al. seem to converge at an extended basicity around 1.0 and the 
slope is steeper than the slope in the present slag system TiO2-
MnO-SiO2-Al2O3, This can be speculated that the influence of 
the basic oxides on the network structure is different and it 
depends on how efficiently the large network structure is 
depolymerized with the addition of basic oxide such as MnO 
and CaO contents. Fig. 7 shows the effect of Al2O3 substitution 
by SiO2 on the viscous behavior at high temperature. The 
viscosity in the high temperature range between from 1773K 
(15000C) to 1723K (14500C) seems to be leveled out with 
SiO2/Al2O3 ratio increase and consequentially saturated at 

SiO2/Al2O3 of 3.0. The primary phase difference, which was 

calculated by Factsage®, results in the significant change on 
the viscous property at high temperature. At SiO2/Al2O3 of 

below 1.0, the primary phase was revealed as Al2O3·TiO2 phase 
and TiO2 rutile phase above 1.0. It can also be understood that 

the Al2O3·TiO2 primary phase was performed at SiO2/Al2O3 of 
0.6 under the equilibrium cooling conditions and the TiO2 
rutile phase was performed in other SiO2/Al2O3 conditions. 
Little viscosity change was observed and the temperature 
dependence was insignificant in all compositions  

 

Fig. 6. Influence of extended basicity on the viscosity of the TiO2-MnO-
SiO2-Al2O3 and TiO2-CaO-SiO2-Al2O3 slag system. 

 

Fig. 7. Influence of SiO2/Al2O3 ratio on viscosity in TiO2-MnO-SiO2-Al2O3 
slag system. 

B. FTIR, XPS structural analysis  
Fig. 8 shows FTIR troughs with transmittance from 400cm-

1 to 1300cm-1 providing the degree of polymerization in the 
TiO2-30MnO-SiO2-15Al2O3 slag system at various TiO2/SiO2 
ratios. it also presents the structural status of the bonding 
characteristics of the molten slag. The vibration region from 
850cm-1 to 1200cm-1 was identified as the [SiO4]

4--tetrahedral 
symmetric stretching vibration[12] and the one from 600cm-1 
to 800cm-1 was identified as the [AlO4]

5--tetrahedral 
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asymmetric stretching vibration.[13] According to Haung et 
al.[14], the characteristic vibration around 450cm-1 corresponds 
to the Al-O-Si bending vibration. The [SiO4]

4--tetrahedral 
symmetric stretching vibration was significantly less 
pronounced with TiO2/SiO2 ratio increase and it can be 
considered as the absolute concentration of SiO2 content 
became lower but the [AlO4]

5--tetrahedral asymmetric 
stretching vibration and Si-O-Al bending vibration were 
relatively unaffected with TiO2/SiO2 ratio variation. Fig. 9 
shows the influence of SiO2/Al2O3 ratio on the alumina-silicate 
based network structure at extended basicity of 1.5. The 
[SiO4]

4--tetrahedral symmetric stretching vibration and the 
[AlO4]

5--tetrahedral asymmetric stretching vibration seem to be 
pronounced with higher SiO2/Al2O3 ratio but the Al-O-Si 
bending vibration seems to be distinguished from the standard 
point at SiO2/Al2O3 of 1.67. If the higher SiO2/Al2O3 ratio than 
1.67, Al-O-Si bending vibration decreased and it is caused 
where the alumina-silicate network structure is strongest at 
SiO2/Al2O3 ratio 1.67 and the dominant network structure was 
divided as two cases. Fig. 10 and Fig. 11 describe the function 
of the bridged oxygen (O0), non-bridged oxygen (O-) and free 
oxygen (O2-) as a function of TiO2/SiO2 and SiO2/Al2O3 ratio. 
As a result of depolymerization process, the previous paper by 
Toop and Samis suggest following equation.[15] 

O o  +  O 2 -  →  2 O -               ( 1 ) 

Each bridged oxygen (O0) and free oxygen (O2-) is 
transformed to the two non-bridged oxygen (O-). The non-
bridged oxygen (O-) can be understood as the degree of 
depolymerization in network structure which is constructed by 
only oxides. When TiO2/SiO2 ratio increased, the bridged 
oxygen (O0) and the free oxygen (O2-) factions were slightly 
decreased which seems to be caused as the TiO2 contents didn’t 
work as the basic oxide such as CaO, MnO, which 
depolymerizes the network structure at high temperature but 
TiO2 content seems to be existed with own structure. 
According to Mysen, The Ti-O-Ti stretching vibration has to 
be detected around 830cm-1, If TiO2 content polymerized the 
networking structure but it wasn’t detected in present slag 
system. Furthermore, According to Yagi et al.,[10] he 
suggested the TiO2 dilution effect and SiO2 substitutional effect 
on the complex silicate structure and viscous behavior as 
decrease. The phenomenon of the little decrease of non-bridged 
oxygen (O-) and little increase of bridged oxygen (O0), free 
oxygen (O2-) were identified from the Fig. 11 but the different 
phenomenon as TiO2/SiO2 in Fig.10. It isn’t also presented 
significant changes with higher SiO2/Al2O3. According to 
Mysen and Richet,[16] Ti-O-Al vibration and Ti-O vibration 
can make the short rang ordered simple oligomer structures in a 
melts and decrease the viscosity behavior. The both [SiO4]

4--
tetrahedral symmetric stretching vibration and the [AlO4]

5--
tetrahedral asymmetric stretching vibration weren’t significant 
below the SiO2/Al2O3 ratio of 1.67. It seems to be caused with 
the absence of complex structural units such as silicate or 
aluminate but the presence of the simple structural units such 
as Ti-O-Al structure. In addition, the characteristic vibration of 
Ti-O-Al suggested by Saito et al. should be found in near 
583cm-1 and 439cm-1 with low intensity, but these also not 
observed in 30TiO2-30MnO-SiO2-Al2O3 slag system from the 
FTIR analysis in Fig. 9. Above the SiO2/Al2O3 ratio of 1.67, 

the silicate tetrahedral structure was polymerized with SiO2 
concentration increase, where the [SiO4]

4--tetrahedral 
symmetric stretching vibration has shown the noticeable 
intensity increase.   

 

Fig. 8. Influence of TiO2/SiO2 on the network structure at fixed MnO, Al2O3 
contents by FTIR analysis of as-quenched slag at 1773K. 

 

Fig. 9. Influence of SiO2/Al2O3  on the network structure at fixed 
(TiO2+MnO)/(SiO2+Al2O3) of 1.5 by FTIR of as-quenched slag at 
1773K. 

C. The temeprature dependance 
Fig. 12 shows the influence of TiO2/SiO2 and SiO2/Al2O3 

ratios on the activation energy, which calculated with 
Arrhenius type relationship equation. The activation energy 
informs how much large gradient of the viscosity values was 
occurred in specific composition during temperature decrease 
because the slope of reciprocal temperature over the measured 
viscosity values is used for the calculation to fine the each 
activation energies of various compositions. The comparable 
temperature dependency of the viscosity with TiO2/SiO2 and 
SiO2/Al2O3 ratios in present slag system was identified. The 
apparent activation energy on TiO2-30MnO-SiO2-15Al2O3 
system with various TiO2/SiO2 ratios was calculated from 
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30.48 to 6.41kJ/mol, which is extremely low depolymerized 
energy. This can be caused by the presence of TiO2 content 
with high concentrations. Previous paper by researches 
suggested the low temperature dependency of TiO2 dominant 
slag system. However, the activation energy trend isn’t 
unclear in Fig. 12 (a) because the error bars with large range 
are existed. Thus, it can’t be defined as whether the activation 
energy decreased with higher TiO2/SiO2 ratio or stable with 
extremely low energy. The activation variation in Fig. 12 (b) 
seems to be correlated well with viscosity trend, which was 
explained in viscosity and structure analysis parts. The 
existence of Ti-O-Al simple structure makes the activation 
energy higher below SiO2/Al2O3 ratio of 1.67. The activation 
energy, which was calculated from 128.03 to 30.48kJ/mol, 
also rose above SiO2/Al2O3 ratio of 1.67 with complex silicate 
network structure increase.  

 
Fig. 10. Influence of TiO2/SiO2 on the network structure at fixed MnO, Al2O3 

contents by XPS of as-quenched slag at 1773K 

 
Fig. 11. Influence of SiO2/Al2O3 on the network structure at fixed TiO2, MnO 

contents by XPS of as-quenched slag at 1773K . 

 
Fig. 12. The activation energy by using Arrhenius type relationship 

calculation in TiO2-MnO-SiO2-Al2O3 slag system. 

The influence of TiO2/SiO2 and SiO2/Al2O3 ratios was 
identified with TiO2-Mno-SiO2-Al2O3 slag system. The viscous 
behavior was affected by the primary phases at high 
temperature region. The simple structure of TiO2 was 
substitutes the complex networks structure of [SiO4]

4--
tetrahedron, which caused decrease of viscosity at TiO2-
30MnO-SiO2-15Al2O3 slag system. When Al2O3 content 
substituted with SiO2 content, the viscosity linearly increased 
until it saturated around 0.1Pa·s. This phenomenon seems to be 
induced by the primary phase difference and the dominant 
network structure change, which was divided with standard at 
SiO2/Al2O3 of 1.67. It is reasonable that the [SiO4]

4--tetrahedral 
structure was dominant over SiO2/Al2O3 ratio of 1.67 and Ti-
O-Al structure was dominant below SiO2/Al2O3 ratio of 1.67. 
The structure analysis was supported by XPS deconvoluted 
results. The apparent activation energy was calculated by 
Arrhenius type relationship equation and the slope of the 
viscosity values within the fully liquid region as between 19.29 
and 128.03 kJ/mol.   
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Abstract— This research describes the knowledge framework 

of steel research in the journal of Steel Research International 

from 1990 to 2013. 5700 keywords derived from 2430 papers 

were analyzed with big data analysis. Frequent keywords of steel 

research were found to be microstructure, finite element method, 

transformation induced plasticity. Through centrality analysis, 

keywords with a high centrality were microstructure, finite 

element method, mechanical properties, and continuous casting. 

From the cohesiveness analysis, eight cohesive subgroups were 

identified. The results of this study contributes valuable insights 

into understanding the knowledge framework of the steel 

research field and research trends for Steel Research 

International. 

Keywords— big data analysis; steel research; knowledge 

structure; co-occurance analysis; centrality analysis; cohesive 

subgroup 

I.  INTRODUCTION  

 

Steel research has dramatically developed over the past 
several decades with the development of steel industry. Despite 
the increased number of research papers and researchers in the 
steel research field and enhanced diversity, there has been a 
lack of research focused on trend analysis in the field. 
Although countless research studies have been published in 
Steel Research International since 1990, there has yet to be an 
analysis done on the journal regarding the comprehensive 
academic advance and major field of research significance 
being carried out by global researchers.  

In the present paper, the big data analysis of abstract 
keywords in Steel Research International has been investigated, 
building data on current research themes in steel for future 
research development efforts. This analysis can provide a link 
between past, present, and future research in the area of iron 
and steel. For example, current classification methods were 
accomplished through mostly insight and a broad division 
between physical and chemical metallurgy. However, a more 
detailed categorization can also be realized through quantitative 
data analysis, which gives a more objective and detailed 

research categorization resulting in a defined knowledge 
structure base. 

This research is mainly designed to analyze the knowledge 
structure in steel research and identifies comprehensive 
research trends related to steel research. 

II. THEORETICAL BACKGROUND 

A. Knowledge structure analysis  

Methods used to identify knowledge structures can be 
broadly divided in to qualitative and quantitative. The 
qualitative approach relies upon a small number of experts, 
which is a relatively simple, but is highly subjective and 
defined to a specific knowledge area and experience based on 
the experts that could partially neglect the total knowledge 
structure analysis.[1] To overcome the restrictions of the 
qualitative method, a more reliable quantitative method can be 
used. The quantitative method focuses on identifying certain 
patterns in research concepts and explaining them through 
mathematical and statistical methods.[2]  

The quantitative way falls into two categories. The author 
co-citation analysis, a useful tool to identify and prove the 
knowledge structure of a certain research area through 
resorting to authors as an analytical unit, and the keyword co-
occurrence analysis, compromised with the context of research 
papers having handled keyword combination of the same paper. 
The author co-citation analysis describes authors of a paper 
within a distinct research field and gives information on the 
influence of the authors determining the leading contributors to 
the field of research. However, there is the restriction that the 
research paper’s context, which is the most meaningful facet of 
the paper, could be ignored from the analysis.[3, 4] 
Additionally, the keyword co-occurrence analysis, which 
implements the representative keywords of the research subject 
in the papers, shows to be more useful for increased awareness 
of the knowledge structure in the research area.[6, 7] The 
keyword or concept that is most frequently mentioned in a 
certain research area can represent the field because it normally 
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corresponds to the terminology of the methods, concepts, 
materials, or equipment common to that field. 

B. Social network analysis 

Social Network Analysis (SNA) is a method to deduce 
network structures, patterns and forms and to explain the 
relationship between actors by quantitatively analyzing 
networks consisting of nodes, actors, and links.[5, 6] SNA 
differs from previous social science methods in that previous 
research was focused on an individual’s independence, not 
interdependency. According to the analytical approach, an 
actor is expressed as a node and a relationship is expressed as a 
link. A set of nodes and links forms a social network.[7] This 
study will apply SNA to investigated the knowledge structure 
of steel research with various analytical factors designed for 
this. First, the node that has the power of influence and 
dominance in a network can be identified through a centrality 
concept.[8] Second, the structural characteristic in a knowledge 
network can be identified by considering the cohesiveness of 
the subgroup.[9] With the acceleration of convergence in 
research fields, describing the research concepts in distinct 
fields have become an essential priority for researchers. The 
review of big articles and extracting the important research 
subjects within the context of the paper is the favored method 
of analysis. However, this method is complicated needing 
significant time and effort not to mention a final result that can 
be difficult to comprehend since different opinions exists on 
describing the concepts between various researchers. In this 
study, we were able to verify structural characteristics in steel 
research by implementing SNA to describe the steel research 
movement in the journal of Steel Research International 
(Described hence forth as “The Journal”). 

III. METHODOLOGY 

Analysis of this research has been performed through data 

collection, composition of keyword co-occurrence matrix, and 

SNA (centrality and cohesive subgroup analyses) 

 

A. Data collection 

First, the process of selecting papers was performed. 24 
years of articles increasing to almost 2400 papers presented in 
the Journal from 1990 volume 61 to 2013 vol. 84 have been 
investigated. Journals typically contain technical articles, 
reviews, commentaries, editorial rules, and correction 
statements. In this study, technical articles and reviews have 
been classified and used, excluding others since the contents do 
not directly relate to the research concepts in question. Next, 
from this big data analysis, the keywords of the articles have 
been derived to discern the knowledge structure of steel 
research.  Keywords represent the contents of relevant research 
papers. The list of keywords produced by the authors has been 
used. However, this is limited by the lack of standardization. 
To overcome these limitations, filtering was carried out on the 
extracted keywords in this study. After the filtering, almost 
5700 keywords remained from 54 different countries. 
Visualization network of keywords is indicated in Fig. 2.  

 

Fig. 1. Visualization for keywords in steel research  

 

Each dot is a keyword and line is the relation of co-occurrence between 
keywords 

 

B. Analytical procedures 

The analysis was performed in the following arrangement. 
First, the frequency of the collected data per year was 
investigated. Frequency analysis is a typical technique to 
explain the advances arising in the research contents as time 
passes.[10] Next, the centrality and cohesive subgroup analysis 
were performed. The centrality indicators - degree, closeness, 
and betweenness centrality - and the keywords located in the 
center change depending on the definition; the keyword has 
diverse connected relationships with other keywords or has 
control or influence on other keywords.[11, 12] A keyword 
which is connected with many other keywords is identifiable 
through degree-centrality. The geodesic distance among 
keywords measures the closeness-centrality which is distance 
between keywords within the network that regards not only 
direct connection but also indirect connection. The 
betweenness-centrality can measure whether a keyword is 
available for the role of broker to build steel research 
boundaries. This is checked by the frequency of linking the 
shortest path among keywords. Cohesive subgroup analysis 
provides a recognizing of the subgroup of research in steel 
research. The presence of a keyword group can be considered 
to be a sub research area. Cohesive subgroup analysis of 
keywords in the network structure allows the grouping of 
closely connected keywords into subgroups of steel research 
simplifying a complex network structure.[11] In addition, the 
structural linking between and within subgroups of keywords 
can be determined. 

Finally, proving the research area mapping, the properties 
of the subgroups of research concepts can be recognized. The 
research area mapping describes the inter connection of the 
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keywords between individual research areas and the intra 
connection of the keywords within research area on a two 
dimensional plane resulting in the understanding of 
development process of the research.[13, 14] Inter-connection 
between the subgroups is the outside relation between a 
keyword within a defined research group and keywords of a 
separate research group. Intra-connection of the subgroups 
manages with keywords within the delineated research group 
and its relation with other keywords within the same research 
group. The research area mapping can be recognized as a 
meaningful indicator because areas in the developmental stages 
in steel research, and areas that need further research, are 
revealed through this process. 

IV. RESULTS AND DISCUSSION 

A. Keyword occurrence analysis 

Among various analytical methods targeting keywords or 
concepts, a general approach is to count the frequency of 
keyword occurrence analysis. Since frequently occurring 
keywords usually represent the dominant steel research area in 
corresponding periods, it is advantageous to identify the 
transition of research chronologically through changes in 
frequently used keywords.[10]  Table I was display the top 10 
keywords that were appeared from 1990 to 2013. And Fig. 2 
was visualized the relation between the top 10 keywords. 
Through visualization, relationships between keywords could 
be identified that couldn't be identified by text formats. 

During the period, keywords occurring more than 50 times 
are microstructure, finite element method, transformation 
induced plasticity, mechanical properties, continuous casting, 
slag, and blast furnace. It may be reflected that the 1997 Kyoto 
protocol and the forecasted regulation of CO2 needed the 
automotive and manufacturing industries to assume more 
closely into environmental issues and in particular the auto 
industry to develop new light weight automotive vehicles using 
TRIP. This trend extends with the improvement and extension 
of advanced high strength steels such as TWIP (twinning-
induced plasticity). In additional analysis, microstructure co-
occurred most with mechanical properties (21 times), heat 
treatment (8 times), hardness (6 times), and phase 
transformation (5 times). Finite element method was mainly 
researched with sheet metal forming (5 times), springback (4 
times), forging (4 times). 

TABLE I.  THE FREQUENCY OF KEYWORD OCCURENCE 

No. Keywords Freq. of Occurrence 

1 microstructure 95 

2 finite element method 79 

3 transformation induced plasticity 72 

4 mechanical properties 64 

5 continuous casting 62 

6 slag 54 

7 blast furnace 50 

8 kinetics 42 

9 stainless steel 41 

10 heat transfer 39 

 
Fig. 2. Visualization for the relation  

between top 10 keywords appeared from 1990 to 2013 

- Dot size: the frequency of keywords occurrence.  

           Keywords with high occurrence frequency have made up a bigger dot. 

- Line thickness: the frequency of co-occurrence between keywords.  
          Keywords with thicker lines have higher connectivity 

 

B. Centrality analysis 

Centrality analysis was performed to identify the core 
keywords among those that have occurred over a 24-year span 
in Steel Research International. The analysis target 5700 
keywords. In Table II, keywords and the values of centrality 
are shown. Here, the results of degree, closeness, and 
betweenness centrality, which are thought to have meaningful 
value for this research, are suggested.  

TABLE II.  THE RESULT OF KEYWORD CENTRALITY ANALYSIS 

Keywords 
Centrality 

Degree Closeness Betweenness 

microstructure 5.05 34.40 9.53 

finite element method 4.72 30.90 7.71 

continuous casting  3.87 32.41 6.43 

transformation induced 
plasticity 

3.50 31.38 4.67 

mechanical properties 3.30 32.57 5.05 

slag 3.29 31.87 5.35 

blast furnace 2.90 29.44 4.03 

kinetics 2.44 31.74 4.66 

stainless steel 2.33 31.52 3.61 

heat transfer 2.01 29.91 2.77 

 

The number of keywords has dramatically increased over 
the years, indicating that various keywords have emerged in 
steel research and cross over research between keywords has 
been performed. Based on this, it can be contended that steel 
research has combined and become more detailed. The degree-
centrality was identified to be topmost for keywords of 
microstructure, finite element method, continuous casting, 
transformation induced plasticity, mechanical properties 
showing that the broad field of physical metallurgy to be 
pronounced than chemical metallurgy. The closeness-centrality 
was described to be topmost for the keywords in the order of 
microstructure, mechanical properties, continuous casting, 
slag, kinetics, stainless steel and shows the research topic that 
can speedily spread knowledge to the whole steel research 
network. The betweenness-centrality, which can best bridge the 
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subgroups of research and allow convergence research, was 
described to be in the order of microstructure, finite element 
method, continuous casting, slag, mechanical properties. 

C. Cohesive subgroup analysis 

Cohesive analysis was performed to have keywords within 
a specific research group to have significantly more links than 
cross linking between research groups in order to apparently 
identify independent research areas that can be grouped. For 
cohesive subgroup analysis, keyword to keyword pairing that 
occurred less than five times within a particular group, which 
was 94.2%, were deleted from the cohesive subgroup analysis 
since connectivity of 5 or less is usually not described as an 
independent subgroup of research fields. Through this analysis, 
eight cohesive groups (subordinate research areas) were 
discovered.  Table III shows each group with corresponding 
keywords. 

TABLE III.  SUBORDINATE RESEARCH AREAS OF STEEL RESEARCH 

Gr. Keywords 

1 
11 keywords - austenitic steel, ferritic stainless steel, flow stress, hot 

deformation, etc. 

2 
14 keywords - austenite, austenitic stainless steel, ductility, fatigue, 
finite element method, etc. 

3 
16 keywords - annealing, cold rolling, deformation, dual phase steel, 

duplex stainless steel, etc. 

4 
17 keywords - activity, alloy, aluminum, copper, high speed steel, 

etc. 

5 
22 keywords - basic oxygen  furnaces, blast furnace, carburization, 
computational fluid dynamic, decarburization, etc. 

6 
9 keywords - continuous casting, high temperature, molten steel, 

mould, optimization, etc. 

7 
14 keywords - casting, characterization, composition, fluid flow, heat 

transfer, inclusion, etc. 

8 
14 keywords - carbide, carbon, corrosion, creep, hardness, 

microalloy, etc. 

 

In the final step, identified subordinate research fields were 

placed on the research area mapping depending on both the 

maturity and the independence of the research areas. The 

mappings revealed the structure of subordinate research areas 

and calculated the connecting of keywords in intra and inter 

groups. The research areas mapping, which aid in revealing 

research trends in steel research, can be categorized into four 

different types.[14] The division of subordinate research areas 

through mapping is shown in Table IV. The intra connection 

identifies how densely populated and related the keywords are 

within the group and the inter connection is the link between 

the in-group and out-group keywords.   

TABLE IV.  RESEARCH AREAS MAPPING 

 Inter Connection 

Low High 

In
tr

a
 C

o
n

n
e
c
ti

o
n

 

H
ig

h
 II. Independent Growth 

Research Area 
 

Group 8 

I. Main Stream 

Research Area 
 

Group 1, 2, 3, 6 

L
o

w
 

III. Next Generation 
Research Area 

 

Group 7 

IV. Trend Research 
Area 

 

Group 4, 5 

V. CONCLUSION 

The purpose of this research is to provide research area 
mapping for future research through the identification of 
knowledge structure in steel research. For this, occurrence 
analysis and SNA were implemented on keywords published in 
Steel Research International from 1990 to 2013.[15]  

This research was conducted in four steps to reveal the 
knowledge structure in steel research. The occurrence 
frequency keyword was identified. High frequency keywords 
not only represent steel research but also aid in identifying the 
transition process of steel research when the data is analyzed 
chronologically. Based on this analysis, keywords representing 
steel research for the 24-year period are microstructure, finite 
element method, and transformation induced plasticity. Next, 
central keywords in steel research were describes by degree, 
closeness, and betweenness centrality analysis. Keywords 
showed high correlated between centrality indicators and the 
frequency of occurrence. For the research period, keywords 
showing high degree centrality are microstructure, finite 
element method, and continuous casting. The third step 
identified subordinate research area in steel research through 
cohesive subgroup analysis in SNA. Through the result of this 
analysis was found eight research areas. In the final step, 
determined subordinate research areas were placed on the 
research map depending on both the maturity and the 
independence of research areas.  

In this study, several methodologies - occurrence analysis, 
centrality and cohesive subgroup analyses from SNA - were 
implemented to identify research trends, subordinated research 
areas and core keywords in steel research. Also, through 
research areas mapping, dynamic knowledge structure in steel 
research had been described through classification of the 
research areas. Additionally, this research will provide the 
direction to steel researchers for determining future research 
area.  

This research tried to thoroughly consider how steel 
research has developed. In the analysis of journal big data, 
much has been learned, but also restrictions in this type of 
arrangement must be addressed. First, this work was restricted 
to the journal of Steel Research International. However, 
considering other journals are present and that steel research is 
now interdisciplinary, the present study does not involve all of 
steel research currently being studied. Thus, an extension of 
other journals of steel research in the research area of 
metallurgy and also interdisciplinary journals should be 
addressed to organize into the current data. Second, although 
the research areas mapping is based on the quantitative method, 
opinions of experts from subordinated fields in steel research 
are necessary to analyze qualitative meanings. Third, the 
keywords were picked from the listed keywords within the 
article. However, there have been cases, where the keywords 
do not sufficiently represent the main objective of the paper 
and the results. For a more trustworthy analysis, keywords 
within the article must be pre-filtered within any journal and 
meaningful efforts within the publishing community are 
underway to improve the selection of keywords within articles. 
Furthermore, to enhance the analysis and provide keywords are 
representative of the article, a system of correct keyword 
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selection for authors should be established during the 
submission and review process. 
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